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CHAPTER - 1
BASIC CONCEPTS OF ELECTRICAL
ENGINEERING
NATURE OF ELECTRICITY
According to Modern electron theory of matter, all matter whether solid, liquid or gas is composed of very small
particles called molecules. A molecule is in turn made up of atoms. An atom consists of a central part called
nucleus and around the nucleus (called extra-nucleus), there are a number of electrons revolving in different
paths or orbits. The size of the nucleus is very small as compared to the size of the atom. The nucleus
contains protons and neutrons. A proton is a positively charged particle having mass 1837 times that of an
electron. A neutron has the same mass as proton but no charge. Clearly, the nucleus of an atom bears a
positive charge. An electron is a negatively charged particle having negative charge equal to the positive charge
on a proton. Under normal conditions, the number of electrons is equal to the number of protons in an atom.
Therefore, an atom is neutral as whole, the negative charge on electrons cancelling the positive charge on
protons.
The above discussion shows that matter is electrical in nature i.e. it contains particles of electricity viz
protons and electrons. Wheter a given body exhibits electricity (i.e. chare) or nto depends upon the relative
number of these particles of electricity.
i. If the number of protons is equal to the number of electrons in a body, the resultant charge is zero and the
body will be electrically neutral. Thus the paper of this book is electrically neutral (i.e. paper exhibits no
charge) because it has the same number of protons and electrons.
ii. If from a neutral body, some electrons are removed, there occurs a deficit of electrons in the body.
Consequently, the body attains a positive charge. Hence a positively charged body has deficit of electrons
from the normal due share.
iii. If a neutral body is supplied with electrons, there occurs an excess of electrons. Consequently, the body
attains a negative charge. Hence a negatively charged body has an excess of electrons from the normal
due share.
Unit of Charge
The charge on an electron is so small that it is not convenient to select it as the unit of charge. In practice,
coulomb is used as the unit of charge. One coulomb of charge is equal to the charge on 625 x 10 16 electrons
i.e.
1 Coulomb = Charge on 625 x 10 16 electrons
Thus when we say that a body has a positive charge of 1 coulomb (1 C), it mans that it has a deficit of
625 x 1016 electrons from the normal due share.
Free Electrons
We know electrons move round the nucleus of an atom in different orbits. The electrons in the last orbit are
called valence electrons. In certain substances, especially metals (e.g. copper, aluminium etc), the valence
electrons are so weakly attached to their nuclei that they can be easily removed or detached. Such electrons
are called free electrons. It may be noted here that all valence electrons in a metal are not free electrons. It has
been found that one atom of metal can provide at the msot one of free electrons in metals. For example, 1 cm 3
of copper has about 8.5 x 10 22 free electrons at room temperature.

ELECTRIC CURRENT
The flow of free electrons (or charge) in a definite directions is called electric current. The flow of electric current
is shown in Fig. 1.1. The copper strip has a large number of free electrons. For simplicity, only the valence
orbits are shown because only the valence electrons can take apart in the flow of current. When electric
pressure or voltage is applied, the free electrons being negatively charged start moving towards the positive
terminal round the circuit as shown in Fig. 1.1. This directed flow of electrons is called electric current.
Conventionally, the direction of electric current is taken along the direction of motion of positive charges.
When current is caused by electrons (e.g. in metals), the direction of current is opposite to the direction of
electron flow.
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Fig. 1.1
Note: It is important to note that none of the practical consequences nor any of the results of computations
performed in the study of electricity and electronics are in any way affected by the direction of current flow that
one assumes. In this book, the direction of conventional current will be assumed.

Fig. 1.2
Measurement of Current
The flow of charge in a definite direction is called electric current. It is measured by the time rate of flow of
charge through the conductor. If q is the charge flowing through any cross-section of the conductor in time t,
then,
q
t
If the rate of flow of charge varies with time, then current at any time (instantaneous current) is given by;
I

Electric current,

dq
dt
where dq is the small charge passing through any cross-section of the conductor in small time dt. The SI unit
of electric current is ampere. If q = 1 C and t = 1s, then I = 1/1 = 1 ampere.
One Ampere of current is said to flow through a wire if at any section one coulomb of charge flows in one
second.
If n electrons are passing through any cross-section of the wire in time t, then,
i

I

q ne

t
t

where e = 1.6 x 10 –19C

Electric Potential
Just as a body raised above the ground has gravitational potential energy, similarly, a charged body has
electric potential energy. When a body is charged, work is done in charging the body. This work done is stored
in the body in the form of electric potential energy. The charged body has the capacity to do work by moving
other charges either by attraction or repulsion. Quantitatively, electric potential is defined as under :
The electric potential at a point is the electric potential energy per unit charge.
Electric potential,

V

Electric potential energy W

Charge
Q

The SI unit of energy or work is 1 J and that of charge is 1 C so that SI unit of electric potential is 1 J/C
which is also called 1 volt.
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Thus when we say that electric potential at a point is 10V, it means that if we place a charge of 1C at that
point, the charge will have electric potential energy of 10J. Similarly, if we place a charge of 2C at that point, the
charge will have electric potential energy of 20J. Note that potential energy per unit charge (i.e. electric potential)
is 10V.
Potential Difference
The difference in the potentials of two charged bodies is called potential difference (p.d.). Consider two bodies
A and B having potentials of +5V and +3V respectively as shown in Fig. 1.3 (i). Each coulomb of charge on
body A has an energy of 5 Joules while each coulomb of charge on body B has an energy of 3 Joules. Clearly,
the body A is at higher potential than body B.

Fig. 1.3
If the two bodies are joined through a conductor [See Fig. 1.3 (ii)], then electrons will flow from body B to
body A. When the two bodies attain the same potential, the flow of current stops. Therefore, we arrive at a very
important conclusion that current will flow in a circuit if potential difference exists. No potential difference, no
current flow. It may be noted that potential difference is sometime called voltage.
EMF, Voltage, Potential Difference
Absolute potential of a point is the work done in moving a unit positive test charge from infinity to that point. The
potential difference between two points is the work done in moving a unit positive test charge from one point to
the other. If we have two points A and B and it requires work to move a unti positive charge from B to A than A
is said to be at higher potential with respect to B or the potential difference between points A and B is positive.
When we move from point B to point A, we experience a rise in potential. Conversely, from point A to B there is
a fall or potential.
The SI unit of potential difference is volt (symbol V). It is defined as the potential difference across a
resistance of 1 ohm when a current of 1A is flowign in the resistance.
Since the potential difference between two points A and B may be positive or negative, it is more appropriate
to write is as, say VAB which means potential of point A with respect to that of point B. If A is at higher potential
than B, VAB is positive. Then VBA (i.e. potential of point B with respect to that of A) is negative. Thus V BA = – VAB.
The terms potential difference and voltage are synonymous.
The term emf (electromotive force) is also used instead of voltage. Strictly speaking emf is the total voltage
of a source (e.g. a battery or a generarator). There would always be some voltage drop in the source itself and
the voltage at the terminals of the source would be a bit less than the source emf. The voltage at the terminals
is known as output voltage or terminal voltage.
Electric Potential or Voltage
A continuous path is needed before a continuous flow of electrons will occur. There is a need for some means
to push these electrons around the circuit. With electrons, the force for movement is produced by an imbalance
of electric charge. In order to move electrons along a conductor, some amount of work is required.
When electrons are present in the static condition, the energy stored is called "potential energy". This
potential energy, stored in the form of an electric charge is imbalanced and capable of providing electrons to
flow through a conductor, is expressed as "Voltage", which is a measure of potential energy per unit charge on
electron. Voltage is the measure of work required to move a unit charge from one location to another, against
the force which tries to keep electric charge balanced.
Why Current Flows in the Circuit
Let potential difference exists between two terminals of the resistance.

Fig. 1.4. Resistance and Potential
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Due to this potential difference, one terminal is positive and other terminal is negative. Now due to positive
and negative charges threre is the production of free electrons. Due to poitive and negative charges, electrons
start to flow from negative side to positive side because the charge on electron is negative and negative
charges repels and negative-positive charges attract each other.

Fig. 1.5. Flow of electrons on application of voltage
As the electric current is due to the flow of electrons, the current to flow in the circuits as shown in Fig. 1.5.
The direction of current is opposite to flow of electrons i.e. from positive side to negative side.

Fig. 1.6. Current through resistance
In other words, if the conductor is connected across positive and negative terminals, due to the potential
difference between the terminals, the current starts to flow in conductor and direction of current is from positive
terminal to negative terminal.

ELECTROMAGNETIC FORCE
The force exerted by one particle on another by virtue of electric charge on the particle is known as electromagnetic
force. An electromagnetic force is a physics concept that refers to a particular force or influence, that effect
charged particles. These particles may be positively or negatively charged. The electromagnetic force of interaction
that exists between certain elementary particles is regarded as a force between electric charges. Electromagnetic
force acts between two electrically charged particles e.g. a negatively charged electron and a positively charged
proroton attracts each other with a force which is poroportional to electric charge and inversely proportional to
the square of distance between them. The presence of charged particle produces an electric field and when
moving it produces a magnetic field. This field manifests itself in a force between chared particles. The difference
between these forces is that for a magnetic force to act the charge must be moving, but the electric force is
independent of the motion.
Fig. 1.7 shows a charged particle in an electric field. If the charged q is at point 'a' where the electric field
is E, the electric force Fe1on the charge 1 is
Fe1 = q.E
The direction of the electrid field is parallel to the electric field if charge q is positive and antiparallel if it is
negative.

Fig. 1.7. Electric force Fe1 on charge q in electric field
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The magnetic force Fmag on charge q moving with speed v due to magnetic field B is
Fmag = qv x B
The total electromagnetic force on charge 1, arising from the combined electric and magnetic force is:
F = Fe1 + Fmag = q (E + v x B)

ELECTRIC POWER
The power of an electric applicance is the rate at which electrical energy is converted into other forms of energy
(e.g. heat, etc.). For example, a 60 W bulb converts 60J of electrical energy into heat light each second.
Thus referring to Fig. 1.8, as the charge q (= I t) moves from point A to B, it loses electric potential energy
= qV. In other words, qV joules of electrical energy is converted into heat in t seconds.

Fig. 1.8
q V (I t) V

 VI J/s or watts
t
t
Electric Power = V I watts
...(i)

...(ii)
= I2 R watts
...(iii)
= V2/R watts
Any one of the three formulas can be used to calculate electric power, depending upon the problem in
hand.



Electric Power 

Unit of Electric Power
P = VI
The SI unit of p.d. is 1 V and that of current is 1 A so that SI unit of power = 1 V x 1 A = 1 V A or 1 watt (1W).
Hence electric power of a circuit or device is one watt if a current of 1A flows through it when a p.d. of 1V
is maintained across it.
The bigger units of electric power are kilowatt (kW) and megawatt (MW).
1 kW = 1000 W ;
1 MW = 103 kW = 106 W.
Note. Electric appliances are rated in terms of electric power. The faster the appliances converts electrical
energy into some other from of energy, the greater the electric` power it has. Thus, in 1 second, a 100 W bulb
coverts more electrical energy into heat and light than a 60 W bulb.
ELECTRICAL ENERGY
The loss of electrical potential energy in maintaining current in a circuit is called electrical energy consumed in
the circuit.
Thus in Fig. 1.8 above, as the charge q (= I t) moves from point A to B, it loses electric potential energy =
q V = V I t joules. This loss of electric potential is converted into heat.
We say that electrical energy consumed in t second is VIt joules.



Electrical energy consumed, W  V I t  I2 R t 

V2
t joules
R

Unit of Electrical Energy
W = V I t = power x time
The SI unit of power is 1W and that of time is 1s so that SI unit of electrical energy = 1W x 1s = 1Ws
or 1J.
I J (or 1Ws) energy is consumed when a device (e.g., bulb, heater, etc.) converts electrical energy to other
forms at a rate of 1W for a time of 1 second.
Commercial Unit. In practice, electrical energy is measured in kilowatt-hour (kWh).
1 kWh energy is consumed when a device converts electrical energy to other forms at a rate of 1 kW for
a time of 1 hour.
Electrical energy in kWh = Power in kW x Time in hours.
The electricity bills are made on the basis of total electrical energy consumed by the consumer. The unit
for billing of electrical energy is 1k Wh. Thus when we say that a consumer has consumed 100 units, it means
that electrical energy consumption is 100 kWh.
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Use of Power and Energy Formulas
It has already been discussed that electric power as well as electrical energy consumed can be expressed by
three formulas. While using these formulas, the following points may be kept in mind :
i.

Electric Power,

P  I2 R 

V2
watts
R

V2
t joules
R
The above formulas apply only to resistors and to devices (e.g.,. electric bulb, heater, electric kettle etc.)
where all electrical energy, consumed is converted into heat.
ii. Electric power,
P = V I watts
Electrical energy consumed,
W = V I t joules
Electrical energy consumed,

W  I2 R t 

Electrical Materials
The materials used in electricity and electronics can be broadly divided into three major types viz
1. Conductors
2. Semiconductors
3. Insulators
Conductors (e.g. copper, aluminium etc.) conduct current very easily while insulators (e.g. glass, mica,
paper) practically conduct no current. In other words, conductors have small resistivity and insulators have high
value of resistivity. The resistivity of semiconductors (e.g. germanium, silicon etc.) lies between conductors
and insulators.
Conductors
i. Conductors are formed by metallic bonds. These bonds are based on a structure of positive metal ions
surrounded by a cloud of electrons.
ii. Conductors have positive termperature coefficient of resistance i.e. their resistance increases with the rise
in temperature and vice-versa [see Fig. 1.9].

Fig. 1.9
iii.

Conductors are used to carry current in electric circuits.

Power and Energy in Resistance
The resistor is an element, which dissipate the energy in the form of heat.

Fig. 1.10. Resistive circuit
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By Ohm's law

V = IR

Power at any instant

p = VI = I2 R watt

 p dt  I Rt joules
2

Energy at any instane e =
At steady state

p = VI = I2 Rt joules

E = I2 Rt joules
Power and Energy in Inductor
The indicator is an element, which stores the energy by virtue of current flowing through it.

Fig. 1.11. Inductive circuit
The voltage across the capacitor is V 

1
q
C

The current through the capacitor is i  C

dV
dt

Power in capacitor
p  V .i  V.C
p  CV 

dV
dt

dV
dt

Energy in capacitance



EC V

dV
.dt  C V dc
dt



1
CV 2 joules
2
The energy is stored in the form of electrostatic field of capacitor and capacitor also does not dissipate any
power.
E

Table 1.1 : Properties of Circuit Elements
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OHM'S LAW
This law applies to electric to electric conduction through good conductros and may be state as follows :
The ratio of potential difference (V) between any two points on a conductor to the current (I) flowing
between them, is constant, provided the temperature of the conductors does not change.

V
V
 constant or
R
I
I
where R is the resistance of the ocnductor between the two points considered.
Put in another way, it simply means that provided R is kept constant, current is directly proportional to the
potential difference across the ends of the conductor. However, this linear relationship between V and I does
not apply to all non-metallic conductors. for example, for silicon carbide, the relationship is given by V = KIm
where K and m are constants and m is less than unity. It also does not apply to non-linear devices such as
Zener diodes and voltage-regulator (VR) tubes.
In other words,

Resistance
It may be defined as the property of a substance due to which it opposes (or restricts) the flow of electricity
(i.e., electrons) through it.
Metals (as a class), acids and salts solutins are good conductors of electricity. Amongst pure metals,
silver, copper and aluminium are very good conductors in the given order. This, as discussed earliear, is due to
the presence of a large number of free or loosely-attached electrons in their atoms. These vagrant electrons
assume a directed motion on the application of an electric potential difference. These electrons while flowing
pass through the molecules or the atoms of the conductor, collide and other atoms and electrons, thereby
producing heat.
Those substances which offer relatively greater difficulty or hindrance to the passage of these electrons
are said to be relatively poor conductors of electricity like bakelite, mica, glass, rubber, p.v.c. (polyvinyle
chloride) and dry wood etc. Amongst good insulators can be included fibrous sunstances such as paper and
cotton when dry, mineral oils free from acids and water, ceramics like hard porcelain and asbestos and many
other plastics besides p.v.c. It is helpful to remember that electric friction is similar to friction in Mechanics.
The Units of Resistance
The practical unit of resitance is ohm. A conductor is said to have a resistance of one ohm if it permits one
ampere current to flow through it when one volt is impressed across its terminals.
For insulators whose resistances are very high, a much bigger unit is used i.e., mega-ohm = 10 6 ohm
(the prefix 'mega' or mego meaning a million) or kilo-ohm = 10 3 ohm (kilo means thousand). In the case of very
small resistances, smaller units like milli-ohm = 10–3 ohm or micro-ohm = 10–6 ohm are used. The symbol for
ohm is .
Table 1.2. Multiples and Sub-multiples of Ohm
Prefix

Its meaning

Abbreviation

Equal to

Mega-

One million

M

106

Koli-

One thousand

k

103

Centi-

One hundredth

–

–

Milli-

One thousandth

m

10–3

Micro-

One millionth



10–6

Laws of Resistance
The resistance R offered by a conductor depends on the following factors:
i.

It varies directly as its length, l

ii. It varies inversely as the cross-section A of the conductor.
iii. It depends on the nature of the material.
iv. It also depends on the temperature of the conductor.
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Fig. 1.12

Fig. 1.13

Neglecting the last factor for the time being, we an say that

l
l
or R  ρ
A
A
wehre  is a constant depending on the nature of the material of the conductor and is known as its specific
resistance or resistivity.
If in Eq. (i), we put
l = 1 metre and A = 1 metre2, then R = (Fig. 1.13)
Hence, specific resistance of a material may be defined as the resistance between the opposite faces of
a metre cube of that material.
R 

Units of Resistivity
From Eq. (i), we have

ρ 

AR
l

ρ 

A metre 2 x R ohm AR

ohm  metre
l metre
l

Hence, the unit of resistivity is ohm-metre (-m).
Inductance
The inductance is the property of a circuit element by virtue of which it opposes the change of current through
it and is capable to store electric energy in the form of magentic field. Inductance has no meaning unless the
current through it changes with respect to time.
Inductors react against change in current by dropping voltage in the polarity necessary to oppose the
change. When an inductor is faced with an increasing current, it have drop in voltage (load) as it absorbs
energy. When an inductor is faced with a decreasing current, it acts as a source, which creates voltage as it
release stored energy.

Fig. 1.14
The inductance parameter depends upon the geometry, physical dimension and property of magnetic
medium. The unit of inductance is Henry (H). The ability of an inductor is to store energy in the form of magnetic
field, is called inductance.

N2μA
l
When N is number of turns, l is mean length of the core, A is cross-sectional area of the acore and  is
permeability of the material of core. The inductor has no resistance. The energy is stored by the inductor in its
magenetic field. Resistance parameter dissipate electrical energy but the inductance parameter does not
dissipate energy but it stores the same.
L
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Capacitance
The capacitance is the propterty of circuit element which appears only when time varying potential is applied
across its terminals. A capacitor consists of two conducting surfaces separated by a layer of an insulating
medium called dielectric. The use of capacitor is to store electric energy by means of electrostatic stress in
dielectric.
Capacitors react against changes in voltage by supplying current in the direction necessary to oppose the
change. When capacitor is faced with an increasing voltage, it acts as a load and draw current as it absorbs
energy. When capacitor is faced with decreasing voltage, it acts as a source and supply current as it releases
stored energy.
The capacitance is the amount of charge required to create a unit potential difference between its plates.

Fig. 1.15. Capacitor and its symbol
Let Q coulomb is the charge on one of two plates of capacitor and if potential difference of V volt's between
the plates, then capacitance is given as

C

Q
Charge on one plate

V Potential difference between two plates

The ability of a capacitor is to store energy in the form of an electric field, is called capacitance. The unit
of capacitance is Farad (F). One Farad is defined as the capacitance which requires a charge of one coulomb
to establish a potential difference of one volt between its plates.
The capacitane depends on the area, distance between the two plates and permitivity of the medium
between the plates.
A
 Farad
d
Where is permittivity of the medium between the plates, A is area of plates and d is the distance between
two plates. The capacitance is the property which delay any change of voltage across it i.e. oppose the change
of voltage.
C

Classification of Circuit Elements
The resistor, inductor, capacitor, etc. are called circuit elements. The circuit elements are classified as follows:
Active Elements
The elements which are source of energy and always supply energy to the network are called active elements.
The energy source can be supplying voltage or current. An element which can increase the power level of the
circuit, is known as active element. A transistor is an active element as it can amplify the power level in the
circuit. Transformer is not an active element as it can not modify the power level.
Examples : Batteries, cell, alternators, etc.
Passive Elements
The elements which either dissipate or store the energy are called passive elements. These elements have the
property of absorbing/dissipating or storing energy. These are able to return the energy previously stored in
them. These elements are not able to return energy more than that stored in them.
Examples : Resistance, inductance, capacitance, etc.
Linear Elements
Linear elements are elements, whose output is directly proportional to the input. Consider an element A. Let for
X1 input, output is Y1, for X2 input, output is Y2. Then if the element is linear and X 1 + X2 is input, then output must
be Y1 + Y2. This is known as the superposition principle and the elements which follow superposition principle
are called linear elements. In electrical term, the elements whose value do not change with the change in
current or voltage are called linear elements.
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Fig. 1.16. Characteristics of Linear Parameter
Examples : Pure R, L, C, etc.
Non-linear Elements
The elements which do not follow superposition principle are non-linear elements. In the non-linear elements
the output is not directly proportional to the input.
Examples : Diodes, choke, etc.

Fig. 1.17. Characteristics of Non-Linear System
Lumped Parameters
If any parameter can be concentrated (lumped) at one point irrespective of their physical size and properties,
without affecting the electrical properties ofthe parameter, then it is called as lumped parameter.
Examples : Resistance, inductance, capacitance, etc.
Distributed Parameter
If the parameter cannot be assumed to be lumped at one point and it is distributed all over the circuit, is called
'Distributed Parameter'. Sometimes when we are interested in the intermediate values or point to point values
of the electrical signal, then the element is said to be distributed.
Examples : Transmission line, etc.
Bilateral Elements
The elements are assumed to be bilateral, in which voltage and current relationship are same irrespective of the
direction of flow of current i.e. properties of elements does not depend on direction of flow of current. The
behaviour of the element is equal in either direction. The V-I curve will be same in both the direction for bilateral
element.
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Fig. 1.18. V-I Characteristic of Bilateral Elements
Examples : Resistance (because the V/I ratio is alway R irrespective of direction of flow of current), etc.
Unilateral Elements
The elements are assumed to be unilateral, in which voltage and current relationship are not same if the
direction of current is changed i.e. the voltage and current are different for two possible directions of flow of
current. The behaviour of the element is unequal in either directions. The V-I curve will be different in both
directions for unilateral elements (I and III quadrant).

Fig. 1.19. V-I Characteristic of Unilateral Elements
Examples : Diode, etc.
Time-Invariant Elements
The elements which do not change their values with respect to tiem are called time-invariant elements. In these
elements, the response with remain same to certain input irrespective of time of application of input i.e. the
value of that element is same (constant) at all time.
Example : Inductance, etc.
Time-Varying Elements
The elements whose value change with respect to time are called time-varying elements. In these the response
to certain input depend on time of application of input. The value of the element is different at different time.
Example : Resistance, etc.

ELECTRICAL POWER AND ENERGY
When a potential difference (V volts) is applied across a resistance, a current (I amperes) flows through it for a
particular time period (t seconds). A work is said to be done for moving electrons and this work done is called
electrical energy.
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The total amount of work done in an electric circuit is called electrical energy.
Work done
Q
i.e. work done or electrical energy = V.Q
V

as

I

Q
t

2
so work done = V.I.t  V t
R

Fig. 1.20. Electrical Energy
The basic unit of electrical energy is joule or watt-second.
If V = 1 volt, I = 1 amp and t = 1 sec
electrical energy = 1 joule
The energy is said to be joule if one ampere current flows through the circuit for one second when a
potential difference of 1 volt is applied across it. The other unit of electrical energy is kilowatt-hour (kW-h).
1kWh = 1000 x 60 x watt-second = 36 x 105 Watt-sec or joules.

DIRECT CURRENT
The current that always flows in one direction is called direct current (d.c.). The current supplied by a cell/
battery or d.c. generator is direct current. Thus in Fig. 1.21, the battery supplies direct current to the bulb. The
direction of current is along ABCDA and always flows in this direction. Note that direct current means steady
direct current unless stated otherwise.
D.C. Circuit
The closed path followed by direct current is called a D.C. circuit. A D.C. circuit essentially consists of a
source of direct voltage (e.g. battery), the conductors used to carry current and the load. Fig. 1.21 shows a
torch bulb (i.e. load) connected to a battey through conducting wires. The direct current starts from the po;sitive
terminal of the battery and comes back to the starting point via the load. The direct current follows the closed
path ABCDA and hence ABCDA is a D.C. circuit. The load for a D.C. circuit is usually a resistance. In a D.C.
circuit, loads (i.e. resistances) may be connected in series or parallel or series-parallel.

Fig. 1.21
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Resistors in Series
A number of resistors are said to be connected in series if the same current flows through each resistor and
there is only one path for the current flow throughout. Consider three resistors of resistances R1, R2 and R3
connected in series across a battery of E volts as shown in Fig. 1.22 (i). Then total resistance R T is given by,
RT = R1 + R2 + R3

Fig. 1.22
Hence when a number of resistances are connected in series, the total or equivalent resistance is equal to
the sum of the individual resistances. Thus we can replace the series connected resistors shown in Fig. 1.22
(i) by a single resistor RT (= R1 + R2 + R3) as shown in Fig. 1.22 (ii). This wil enable us to calculate the circuit
current easily (I = E/RT).
i. When resistors are connected in series, the total circuit resistance increases.
ii.
RT = R1 + R2 + R3
or
or

RT
V

2



R1
V

2



R2
V

2



R3
V2

1
1
1
1



PT P1 P2 P3

where PT is the total power dissipated by the series circuit and P 1, P2 and P3 are the powers dissipated by
individual resistors.
Resistors in Parallel
A number of resistors are said to be connected in parallel if voltage across each resistor is the same and there
are as many paths for current as the number of resistors. Consider three resistors of resistances R 1, R2 and R3
connected in parallel across a battery of E volts as shown in Fig. 1.23 (i). Then total resistance RT is given by;

1
1
1
1



R T R1 R 2 R 3

Fig. 1.23
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Hence when a number of resistnaces are connected in parallel, the reciporocal of the total resistance is
equal to the sum of reciprocals of individual resistances. Again, we can replace the parallel connected resistors
shown in Fig. 1.23 (i) by a single resistor RT shown in Fig. 1.23 (ii).
i. When resistors are connected in parallel, the total circuit resistance decreases.
ii. The total resistance of a parallel circuit is always less than the smallest of the resistances. For example,
if three resistors of 1, 3  and 4  are connected in parallel, the total resistance will be less than 1 .
iii. If n resistors, each or resistance R, are connected in parallel, then total resistance R T = R/n.

1
1
1
1



R T R1 R 2 R 3

iv.

or

V2
V2
V2
V2



RT
R1 R 2
R3

or

RT = R1 + R2 + R3

where PT is the total power dissipated by the parallel circuit and P1, P2 and P3 are the powers dissipated by
individual resistors.
Two Resistors in Parallel
A frequent special case of parallel resistors is a circuit that contains two resistors in parallel as shown in
Fig. 1.24. The total circuit current I divides into two parts; I1 flowing through R1 and I2 flowing through R2.

Fig. 1.24
i. Total Resistance:

R  R1
1
1
1


 2
R T R1 R 2
R1 R 2

or

RT 

R1 R 2
Product
i.e.,
R1  R 2
Sum

Thus, if two resistances of 3 and 6 are connected in parallel, then their total or equivalent resistance
R is

R

3 x 6 18

 2Ω
36
9
R1R 2
R1  R 2

ii. Branch Currents :

E  IR T  I

Now

I1 



I1  I x

R2
R1  R 2

Similarly,

I2  I x

R1
R1  R 2
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i.e., current in any of the two branches = Total current x

Other resistance
Sum of the two resistances

Fig. 1.25
Thus referring to Fig. 1.25, the currents in the two branches are :

I1  9 x

6
6A
36

I2  9 x

3
3 A
36

Advantages of Parallel Circuits
The most useful property of a parallel circuit is the fact that potential differences has the same value between
the terminals of each branch of parallel circuit. This feature of the parallel circuit offers the following advantages:
i. The appliances rated for the same voltage but different powers can be connected in parallel without
disturbing each other's performance. Thus a 230V, 230W TV receiver can be operated independently
in parallel with a 230V, 40W lamp.
ii. If a break occurs in any one of the branch circuits, it will have no effect on other branch cirucits.
Due to above advantages, electrical appliances in homes are connected in parallel. We can switch on or
off any light or appliances without affecting other lights or appliances.
Maxwell,,s Loop Current Method
This method which is particularly well-suited to coupled circuit solutions employs a system of loop or mesh
currents instead of branch currents (as in Kirchhoff's laws). Here, the currents in different meshes are assigned
continuous paths so that they do not split at a junction into branch currents. This method eliminates a great
deal of tedious work involved in the branch-current method and is best suited when energy sources are voltage
sources rather than current sources. Basically, this method consists of writing loop voltage eqautions by
Kirchhoff's voltage law in terms of unknown loop currents. As will be seen later, the number of independent
equations to be solved reduces from b by Kirchhoff's laws to b– (j – 1) for the loop current method where b is the
number of branches and j is the number of junctions in a given network.

Fig. 1.26
Fig. 1.26 shows two batteries E1 and E2 connected in a network consisting of five resistors. Let the loop
currents for the three meshes be I 1, I2 and I3. It is obvious that current through R4 (when considered as a part of
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the first loop) is (I1 – I2) and that through RS is (I2 – I3). However, when R4 is considered part of the second loop,
current through it is (I2 – I1). Similarly, when R5 is considered part of the third loop, current through it is (I3 – I2).
Applying Kirchhoff's voltage law to the three loops, we get,
E1 – I1R1 – R4 (I1 – I2) = 0 or I1 (R1 + R4) – I2 R2 – E1 = 0

...loop 1

Similarly,

– I2R2 – R5 )I2 – I3) – I2 – I1) = 0

or

I2R4 – I2 (R2 + R4 + R5) + I3R5 = 0

... loop 2

Also

– I3R3 – E2 – R5 (I3 – I2) = 0

... loop 3

or I2R5 – I3 (R3 + R5) – E2 = 0

The above three equations can be solved not only to find loop currents but branch currents as well.
Mesh Analysis Using Matrix Form
Consider the network of Fig. 1.27, which contains resistances and independent voltage sources and has three
meshes. Let the three mesh currents be designated as I 1, I2 and I3 and all the three may be assumed to flow in
the clockwise direction for obtaining symmetry in mesh equations.

Fig. 1.27
Applying KVL to mesh (i), we have
E1 – I1R1 – R3 (I1– R2I2 – R3I3 = E1
or (R1 + R2 + R3) I1 – R2I2 – R3I3 = E1
Similarly, from mesh (ii) we have
E2 – R2 (I2 + I1) – R5 (I2 – I3) – I2R4 = 0
or R2I1 + (R2 + R4 + R5) I2 – R5I3 = E2
Applying KVL to mesh (iii), we have
E3 – I3R7 – R5 (I3 – I2) – R3 (I3 – I1) – I3 R6 = 0
or R3I1 – R5I2 + (R3 + R5 + R6 + R7) I3 = E3
It should be noted that signs of different items in the above three equations have been so changed as to
make the items containing self resistances positive (please see further).
The matrix equivalent of the above three equations is
  (R 1  R 2  R 3 )

R2


R3

R2
 (R 2  R 4  R 5 )
R5

R3




 (R 3  R 5  R 6  R 7 ) 
R5

I1  E1 
I2   E 2 
I  E 
 3  3

It would be seen that the first item is the firs row i.e. (R1 + R2 + R3) represents the self resistance of mesh
(i) which equals the sum of all resistance in mesh (i). Similarly, the second item in the first row represents the
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mutual resistance between meshes (i) and (ii) i.e. the sum of the resistance common to mesh (i) and (ii).
Similarly, the third item in the first row represents the mutual-resistance of the mesh (i) and mesh (ii).
The item E1, in general, represents the algebraic sum of the voltage of all the above sources acting around
mesh (i). Similar is the case with E2 and E3. The sign of the e.m.f.'s is the same as discussed in Art. 2.3 i.e.
while going along the current, if we pass from negative to the positive terminal of a battery, then its e.m.f. is
taken positive. If it is the other way around, then battery e.m.f. is taken negative.
In general, let
R11 = self-resistance of mesh (i)
R22 = self-resistance of mesh (ii) i.e. sum of all resistance in mesh (ii)
R33 = Self-resistance of mesh (iii) i.e. sum of all resistance in mesh (iii)
R12 = R21 = – [Sum of all the resistances common to meshes (i) and (ii)]
R23 = R32 = – [Sum of all the resistances common to meshes (ii) and (iii)]
R31 = R13 = – [Sum of all the resistances common to meshes (i) and (iii)
Using these symbols, the generalized form of the above matrix equivalent can be written as

R11 R12 R13  I1  E1 
R 21 R 22 R 23  I2   E 2 
R R R  I  E 
 31 31 33   3   3 
If there are m independent meshes in any liner network, then the mesh equations can be written in the
matrix form as under :
R11
R 21
 ...

 ...
R 31

R12
R 22
...
...
R 31

R13
R 23
...
...
R 33

...
...
...
...
...

R1m 
R 2m 
... 
... 
R 3m 

I2 
I2 
... 
 =
... 
Im 

E1 
E 2 
... 
 
... 
Em 

The above equations can be written in a more compact form as [Rm] [Im] = [Em]. It is known as Ohm's law
in matrix form.
In the end, it may be pointed out that the directions of mesh currents can be selected arbitrarily. If we
assume each mesh current to flow in the clockwise direction, then
i. All self-resistances will always be positive and (ii) all mutual resistance will always be negative. We
will adapt this sign convention in the solved examples to follow.
The abovemain advantage of the generalized form of all mesh equations is that they can be easily
remembered because of their symmetry. Moreover, for any given network, these can be written byinspection
and then solved by the use of determinants. It eliminates the tedium of deriving simultaneous equations.

NODAL ANALYSIS WITH SOURCES
The node-equation method is based directly on Kirchhoff's current law unlike loop-current method which is
based on Kirchhoff's voltage law. However, like loop current method, nodal method also has the advantage
that a minimum number of equations need be written to determine the unknown quantities. Moreover, it is
particularly suited for networks having many parallel circuits with common ground connected such as electronic
circuits.

Fig. 1.28
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For the application of this method, every junction in the network where three or more branches meet is
regarded a node. One of these is regarded as the reference node or datum node or zero-potential node. Hence
the number of simultaneous equations to be solved becomes (n – 1) where n is the number of independent
nodes. These node equations often become simplified if all voltage sources are converted into current sources.
First Case
Consider the circuit of Fig. 1.28 which has three nodes. One of these i.e. node 3 has been taken in as the
reference node. VA represents the potential of node 1 with reference to the datum node 3. Similarly, V B is the
potential difference between node 2 and node 3. Let the current directions which have been chosen arbitrary be
as shown.
For node 1, the following current equation can be written with the help of KCL.
I1 = I4 + I2
Now

I1R1 = E1 – VA

Obviously,

I4 = VA/R4



I1 = (E1 – VA)/R1

...(i)

Also, I2R2 = VA – VB (VA > VB)

I2 = (VA – VB)/R2
Substituting these values in Eq. (i) above, we get,

E1- VA
V
V  VB
 A A
R1
R4
R2
Simplifying the above, we have

 1
1
1  VB E1
 


VA 

0
 R1 R 2 R 4  R 2 R1
The current equation for node 2 is I5 = I2 + I3
or

or

VB
V  VB E 2  VB
 A

R5
R2
R3
 1
1
1


VB 
 R2 R3 R5

 VA E 2

 R  R 0
2
3


...(ii)

...(iii)

...(iv)

Though the above nodal equations (ii) and (iii) seem to be complicated, they employ a very simple and
systematic arrangement of terms which can be written simply by inspection. Eq. (ii) at node 1 is represented
by
1. The product of node potential V A and (1/R1 + 1/R4) i.e. the sum of the reciprocals of the branch resistance
connected to this node.
2. Minus the ratio of adjacent potential V B and the interconnecting resistance R2.
3. Minus ratio of adjacent battery (or generator) voltage E 1 and interconnecting resistance R 1.
4. All the above set to zero.
Same is the case with Eq. (iii) which applies to node 2.

Fig. 1.29
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Using conductances instead of resistances, the above two equations may be written as
VA (G1 + G2 + G4) – VBG2 – E1G1 = 0
VB (G2 + G3 + G5) – VAG2 – E2G3 = 0
To emphasize the procedure given above, consider the circuit of Fig. 1.29.

 1
1
1
1  VC VB E1




VA 


0

 R1 R 2 R 5 R 8  R 2 R 8 R1

(nodel 1)

 1
1
1  VA VB



VC 

0

 R1 R 3 R 6  R 2 R 3

(nodel 2)

The three node equations are

 1
1
1
1  VC VA E 4




VB 


0
(nodel 3)

 R3 R 4 R7 R8  R3 R8 R4
After finding different node voltages, various currents can be calculated by using Ohm's law.
Second Case
Now, consider the case when a third battery of e.m.f. E3 is connected between nodes 1 and 2 as shown in
Fig. 1.30.

Fig. 1.30
It must be noted that as we travel from node 1 to node 2, we go from the –ve terminal of E 3 to its +ve
terminal. Hence, according to the sign convention given in Art.2.3, E3 must be taken as positive. However, if we
travel from node 2 to node 1, we go from the +ve to the –ve terminal of E 3. Hence, when viewed from node 2, E 3
is taken negative.
For Node 1
I1 – I4 – I2 = 0 or I1 = I4 + I1 – as per KCL

V  E 3  VB
E1  VA
V
; I2  A
; I4  A
R1
R2
R4

Now,

I1 



E1  VA VA VA  E 3  VB


R1
R4
R2

 1
1
1  E1 VB E 2



VA 


0

 R1 R 2 R 3  R1 R 2 R 2
It is exactly the same expression as given under the First Case discussed above except for the additional
term involving E3. This additional term is taken as +E3/R2 (and not as –E3/R2) because this third battery is so
connected that when viewed from mode1, it represents a rise in voltage. Had it been connected the other way
around, the additional term would have been taken as –E 3/R2.
or
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For Node 2
I2 + I3 – I5 = 0 or I2 + I3 = I5
Now, as before,

I2 

VA  E 3  VB
E  VB VB

, I3  2
R2
R3
R5





VA  E3  VB E 2  VB VB


R2
R3
R5

On simplifying, we get

– as per KCL

 1
1
1  E 2 VA E 3



VB 


0

 R2 R3 R5  R3 R2 R2

As seen, the additional terms is –E 3/R2 (and not + E3/R2) because as viewed from this node, E 3 represents
a fall in potential.
It is worth repeating that the additional term in the above Eq. (i) and (ii) can be either +E 3/R2 or –E3/R2
depending on whether it represents a rise or fall of potential when viewed from the node under consideration.

SOURCE CONVERSION
A given voltage with a series resistnace can be converted into (or replaced by) an equivalent current source with
a parallel resistance. Conversely, a current source with a parallel resistance can be converted into a voltage
source with a series resistance. Suppose, we want to covnert the voltage source of Fig. 1.31 (a) into an
equivalent current source. First, we will find the value of current supplied by the source when a 'short' is put
across in terminals A and B as shown in Fig. 1.31 (b). This current is l = V/R.

Fig. 1.31
A current source supplying this current I and having the same resistance R connected in parallel with it
represents the equivalent source. It is shown in Fig. 1.31 (c). Similarly, a current source of I and a parallel
resistance R can be converted into a voltage source of voltage V = IR and a resistance R in series with it. It
should be kept in mind that a voltage source-series resistance combination is equivalent to (or replaceable by)
a current source-parallel resistance combination if, and only if their
1. respetive open-circuit voltages are equal, and
2. respective short-circuit currents are equal.
For example, in Fig. 1.31(a), voltage across terminals A and B when they are open (i.e. open-circuit
voltage VOC) is V itself because there is no drop across R. Short-circuit current across AB = I = V/R.
Now, take the circuit of Fig. 1.31(c). the open-circuit voltage across AB = drop across R = IR = V. If a short
is placed across AB, whole of I passes through it because R is completely shorted out.
Ideal Constant-Current Source
It is that voltage whose internal resistance is infinity. In practice, it is approachaed by a source which posses
very high resistance as compared to that of the external load resistance. Let the 6-V battery or voltage source
have an internal resisance of 1M and let the load resistance vary from 20K to 200K. The current supplied by
the source varies from 6.1/1.02 = 5.7 A to 6/1.2 = 5 A. As seen, even when load resistance increases 10
times current decreases by 0.9 A. Hence, the source can be considered, for all practical purposes, to be a
constant-current source.
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Superposition Theorem

Fig. 1.32
According to this theorem if there are a number of e.m.fs. acting simultaneously in any linear bilateral
network, then each e.m.f. acts independently of the others i.e. as if the other e.m.fs. did not exist. The value of
current in any conductor is the algebraic sum of the currents due to each e.m.f. Similarly, voltage across any
conductor isthe algebraic sum of the voltages which each e.m.f. would have produce while acting singly. In
other words, current in or voltage across, any conductor of the network is obtained by sumperimposing the
currents and voltages due to each e.m.f. in the network. It is important to keep in mind that this theorem is
applicable only to linear networks where current is linearly related to voltage as per Ohm's law.

Fig. 1.33
Hence, this theorem may be stated as follows:
In a network of linear resistances containing more than one generator (or source of e.m.f.), the current
which flow at any point is the sum of all the currents which would flow at that point if each generator where
considered separately and all the other generators replaced for the time being byresistances equal to their
internal resistances.
Explanation
In Fig. 1.32 (a) I1, I2 and I3 represent the values of currents which are due to the simultaneous action of the two
sources of e.m.f. in the network. In Fig. 1.32 (b) are shown the current values which would have been obtained
if left-hand side battery had acted alone. Similarly, Fig. 1.33 represents conditions obtained when right-hand
side battery acts alone. By combining the current values of Fig. 1.32 (b) and 1.33 the actual values of Fig. 1.32
(a) can be ontained.
Obviously, I1 = I1´ – I1´´, I2 = I2´´ – I2´, I = I´ + I´´
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THEVENIN THEOREM

Fig. 1.34
It provides a mathematical technique for replacing a given network, as viewed from two output terminals,
by a single voltage source with a series resistance. It makes the solution of complicated networks (particularly,
electronic networks) quite quick and easy. The application of this extremely useful theorem will be explained
with the help of the following simple example.

Fig. 1.35
Suppose, it is required to find current flowing through load resistance R L, as shown in Fig. 1.35 (a). We will
proceed as under :
1. Remove RL from the circuit terminals A and B and redraw the circuit as shown in Fig. 1.35(b). Obviously,
the terminals have become open-circuited.
2. Calculate the open-circuit voltage VOC which appears across terminals A and B when they are open
i.e. when RL is removed.
As seen, VOC = drop across R2 = IR2 where I is the circuit current when A and B are open.

I
3.

E
R1  R 2  r



Voc  IR 2 

ER 2
R1  R 2  r [r is the terminal resitance or battery]

It is also called 'Thevenin voltage ' V th.
Now, imaging the battery to be removed from the circuit, leaving its internal resistance r behind and
redraw the circuit, as shown in Fig. 1.35 (c). When viewed inwards from terminals A and B, the circuit
consists of two parallel paths : one containing R2 and the other containing (R1 + r). The equivalent
resistance of the network, as viewed from these terminals is given as

R  R 2 || (R1  r) 

R 2 (R1  r)
R 2  (R1  r)

This resistance is also called,* Thevenin resistance Rsh (though, it is also sometimes written as
Ri or R0).
Consequently, as viewed from terminals A and B, the whole network (excluding R 1) can be reduced to
a single source (called Thevenin's source) whose e.m.f. equals V  (or Vsh) and whose internal resistance
equals Rsh (or Ri) as shown in Fig. 1.36.
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Fig. 1.36
4.

RL is now connected back across terminals A and B from where it was temporarily removed earlier.
Current flowing through RL is given by

I

Vth
R th  RL

It is clear from above that any network of resistors and voltage sources (and current sources as well) when
viewed from any points A and B in the network, can be replaced by a single voltage source and a single
resistance** in series with the voltage source.
After this replacement of the network by a single voltage source with a series resistance has been
accomplished, it is easy to find current in any load resistance joined across terminals A and B. This theorem
is valid even for those linear networks which have a nonlinear load.
Hence, Thevenin's theorem, as applied to d.c. circuits, may be stated as under :
The current flowing through a load resitance R L connected across any two terminals A and B of a linear,
avtive bilateral network is given by VOC || (Ri + RL) where VOC is the open-circuit voltage (i.e. voltage across the
two terminals when RL is removed) and Ri is the internal resistance of the network as viewed back into the
open-circuited network from terminals A and B with all voltage source replaced by their internal resistance (if
any) and current sources by infinite resistance.
How to Thevenize a Given Circuit
1. Temporarily remove the resistance (called load resistance R L) whose current is required.
2. Find the open-circuit voltage VOC which appears across the two terminals from where resistance has been
removed. It is also called Thevenin voltage V th.
3. Compute the resistance of the whose network as looked into from these two terminals after all voltage
sources have been removed leaving behind their internal resistances (if any) and current sources have
been replaced by open-circuit i.e. infinite resisance. It is also called Thevenin resistance Rth or Ti.
4. Replace the entire network by a single Thevenin source, whose voltage is V th or VOC and whose internal
resistance is Rth or Ri.
5. Connect RL back to its terminals from where it was previously removed.
6. Finally, calculate the current flowing through RL by using the equation,
I = Vth/(Rth + RL)

or

I = VOC/(Ri + RL)

NORTON'S THEOREM
This theorem is an alternative to the Thevenin's theorem. In fact, it is the dual of Thevenin's theorem. Whereas
Thevenin's theorem reduces a two-terminal active network of linear resistances and generators to an equivalent
constant-voltage source and series resistance, Norton's theorem replaces the network by an equivalent constantcurrent source and a parallel resistance.
This theorem may be stated as follows:
i. Any two-terminal active network containing voltage sources and resistance when viewed from its
output terminals, is equivalent to a constant-current source and a parallel resistance. The constant current is
equal to the current which would flow in tha short-circuit placed acrossthe terminals and parallel resistance is
the resistance of the network when viewed from these open-circuited terminals after all voltage and current
sources have been removed and replaced by their internal resistances.
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Fig. 1.37
Exaplanation
As seen from Fig. 1.37(a), a short is placed across the terminals A and B of the network with all its energy
sources present. The short-circuit current ISC gives the value of constant-current source.
For finding Ri, all sources have been removed as shown in Fig. 1.37(b). The resistance of the network when
looked into from terminals A and B gives Ri.
The Norton's equivalent circuit is shown in Fig. 1.37(c). It consists of an ideal constant-current source of
infinite internal resistance having a resistance of Ri connected in parallel with it.
ii. Another useful generalized form of this theorem is as follows :
The voltage between any two points in a network is equal to I SC. Ri where ISC isthe short-circuit current
between the two points and R i is the resistance of the network as viewed from these points will all voltage
sources being replaced by their internal resistances (if any) and current sources replaced by open-circuits.
Suppose, it is required to findthe voltage across resistance R 3 and hence current through it [Fig. 1.37(d)].
If short-circuit is placed between A and B, then current in it due to battery of e.m.f. E 1 is E1/R1 and due to the
other battery is E2/R2.



ISC 

E1 E 2

 E1 G1  E 2 G 2
R1 R 2

where G1 and G2 are branch conductances.
Now, the internal resistnace of the network as viewed from A and B simply consists of three resistances
R1, R2 and R3 connected in parallel between A and B. Please note that here load resistance R 3 has not been
removed. In the first method given above, it has to be removed.



1
1
1
1



 G1  G2  G3
R i R1 R 2 R 3



Ri 

1
G1  G2  G3

 VAB  ISC .R i 

E1G1  E 2 G2
G1  G2  G3

Current through R2 is I3 = VAB/R3.
Solved example No. 2.96 illustrates this approach.
How To Nortonize a Given Circuit?
This procedure is based on the first statement of the theorem given above.
1. Remove the resistance (if any) across the two given terminals and put a short-circuit across them.
2. Compute the short-circuit current ISC.
3. Remove all voltage sources but retain their internal resisances, if any. Similarly, remove all current sources
and replace them by open-circuits i.e. by infinite resistance.
4. Next, find the resistance R1 (also called RN) of the network as looked into from the given terminals. It is
exactly the same as Rth.
5. The current source (ISC) joined in parallel across Ri between the two terminals gives Norton's equivalent
circuit.
Maximum Power Transfer Theorem
Although applicable to all branches of electrical engineering , this theorem is particularly useful for analysing
communication networks. The overall efficiency of a network supplying maximum power to any branch is 50
per cent. For this reason, the application of this theorem to power transmission and distribution networks is
limited because, in their case, the goal is high efficiency and not maximum power transfer.
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However, in the case of electronic and communication networks, very often, the goal is either to receive or
transmit maximum power (through at reduced efficiency) specially when power involved is only a few milliwatts
or microwatts. Frequently, the problem of maximum power transfer is of crucial significance in the operation of
transmission lines and antennas.

Fig. 1.38
As applied to d.c. networks, this theorem may be stated as follows:
A resistive load will abstract maximum power from a network when the load resistance is equal to the
resistance of the network as viewed from the output terminals, with all energy source removed leaving behind
their internal resistances.
In Fig. 1.38, a load resistance of RL is connected across the terminals A and B of a network which consits
of a generator of e.m.f. E and internal resistance Rg and a serias resistance R which, in fact, represents the
lumped resistance ofthe connecting wires. Let R i = Rg + R = internal resistance of the network as viewed from
a and B.
According to this theorem, RL will abstract maximum power from the network when RL = Ri.
Proof.

I

Circuit current

E
RL  R i

Power consumed by the load is

PL  I2R L 
For PL to be maximum,

E 2RL
(RL  R i )2

dPL
 0.
dR L

Differentiating Eq. (i) above, we have


dPL
2
1
 E2 
 RL 
3
2

dR L

(R
(R
R
)
i
 L  Ri )
 L


  E 2




2R L 
1



2
(RL  R i )3 
 (RL  R i )


2RL 
1

0  E2 
or 2RL  RL  Ri or RL  R i
3
2
 (RL  Ri ) (RL  Ri ) 
It is worth noting that under these conditins, the voltage across the load is hold the open-circuit voltage at
the terminals A and B.



Max power is PLmax 

E2 RL
4 RL2



E2
E2

4 RL 4 R i

Let us consider an a.c. source of internal impedance (R 1 + j X1) supplying power to a load impedance
(RL + j XL). It can be proved that maximum powr transfer will take place when the modules of the load impedance
is equal to the modulus of the source impedance i.e. | Z L | = | Z1|.
Where there is a completely free choice about the load, the maximum power transfer is obtained when
load impedance is the complex conjugate of the source impedance. For example, if source impedance is
(R1 + jX1), then maximum transfer power occurs, when load impedance is (R 1 – jX1). It can be shown that under
this condition, the load power is = E2/4R1.
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UNIT - 2
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CHAPTER - 2
Alternating Currents
ALTERNATING VOLTAGE AND CURRENT
If the polarity of voltage change with time, it is know as an alternating voltage. The current that such a voltage
causes to flow repeatedly changes its direction and is called alternating current.
i.

Sinusoidal alternating voltage: The most commonly encountered type of alternating voltage varies
sinusoidally with time. A sinusoidal alternating voltage can be produced by rotating a coil with constant
angular  velocity (sayrad/sec) in a uniform magnetic field. The sinusoidal alternating voltage can be
expressed by the equation:

= Vm sin t
= value of alternating voltage at time t (called
instantaneous value)
Vm = maximum value of alternating voltage
 = angular velocity of the coil
Fig. 12.1(i) shows the waveform of sinusoidal alternating voltage. Note that voltage varies from zero to a
positive peak (+Vm), then back via zero to a negative peak (–Vm) and so on. In time period T, the wave
completes one cycle.
where




Fig. 2.1
ii.

Sinusoidal Alternating current : A sinusoidal alternating voltage applied in a circuit results in a sinusoidal
alternating current. Therefore a sinusoidal alternating current can be represented in the same way as
voltage i.e.,
i
= Im sint
where
i
= value of alternating current at time t (called instantaneous
value)
Im = maximum value of alternating current.

Fig. 2.1(ii) shows the waveform of sinusoidal alternating current. Note that sinusoidal voltage or current
not only changes direction at regular intervals but the magnitude is also changing continuously.
Note: Alternating voltage and current mean sinusoidal alternating voltage and current unless stated otherwise.
Therefore, we shall omit the word ‘sinusoidal’ in our further discussion.
FLOW OF ALTERNATING CURRENT
Fig. 2.2 (i) shows an alternating voltage source connected to a resistor R. In Fig. 2.2(i), the upper terminal of
alternating voltage source is positive and the lower terminal negative so that current flows in the circuit as
shown. After time equal to T/2 (where T is the time period of alternating voltage), the polarities of the voltage
source are reversed [See Fig. 2.2(ii)] so that current now flows in the opposite direction. This is called
alternating current because the current flows in alternate directions in the circuit.
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Fig. 2.2
Note that alternating current has the same frequency ( = 2f) as the alternating voltage that produces it.
Therefore, when an alternating voltage is applied in a circuit, the resulting current has the same frequency as
that of applied voltage.
IMPORTANT A.C. TERMINOLOGY
The important a.c. terminology is defined below:
i.
Waveform: The shape of the curve obtained by plotting the instantaneous values of voltage or current as
ordinate against time as abcissa is called its waveform or waveshape. Fig.11.3 shows the waveform of an
alternating voltage varying sinusoidally.
ii.
Instantaneous value: The value of an alternating quantity at any instant is called its instantaneous
value. The instantaneous values of alternating voltage and current are represented by  and i respectively..
As example, the instantaneous values of voltage (See Fig. 2.3) at 0°, 90° and 270° are 0, + V m and –Vm
respectively.

Fig. 2.3
iii.

iv.
v.
vi.

vii.

Cycle : One complete set of positive and negative values of an alternating quantity is known as a cycle
Fig. 2.3 shows one cycle of an alternating voltage.
A cycle can also be defined in terms of angular measure. One cycle corresponds to 360° electrical or
2radians. The voltage or current generated in a conductor will span 360°electrical (or complete one
cycle) when the conductor moves past a north and south pole.
Alternation. one-half cycle of an alternating quantity is called an alternation. An alternation spans 180°
electrical. Thus in Fig. 2.3, the positive or negative half of alternating voltage is the alternation.
Time period. The time taken in seconds to complete one cycle of an alternating quantity is called its
time period. It is generally represented by T.
Frequency. The number of cycles that occur in one second is called the frequency (f) of the alternating
quantity. It is measured in cycles/sec (C/s) or Hertz (Hz). One Hertz is equal to 1C/s.
The frequency of power system is low; the most common being 50 C/s or 50 hz. It means that
alternating voltage or current completes 50 cycles in one second. The 50 Hz frequency is the most
popular because it gives the best results when used for operating both lights and machinery.
Amplitude. The maximum value (positive or negative) attained by an alternating quantity is called its
amplitude or peak value. The amplitude of an alternating voltage or current is designed by Vm  or Em  or Im .
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IMPORTANT RELATIONS
Having become familiar with a.c. terminology, we shall now establish some important relations.
i.
Time period and frequency :Consider an attenuating quantity having a frequency of f C/s and time
period T second.
Time taken to complete f cycles = 1 second
Time taken to compete 1 cycle = 1/f second
But the time taken to complete one cycle is the time period T (by definition).
1
1
or
f=
f
T
Angular velocity and frequency : Suppose the coil is rotating with an angular velocity of  rad/sec in
a uniform magnetic field. In one revolution of the coil, the angle turned is 2 radians and the voltage wave
completes 1 cycle. The time taken to complete one cycle is the time period T of the alternating voltage.


ii.


or
iii.

T =

Angular velocity,

 =

Angle turned 2
=
Time taken
T

 =

2f

( f = 1/T)

Frequency and speed. Consider a coil rotating at a speed of N r.p.m. in the field of p poles. As the coil
moves past a north and south pole, one complete cycle is generated. Obviously, in one revolution of the
coil, P/2 cycles will be generated.
Now,
Frequency, f = No of cycles/sec
= (No. of cycles/revolution) × (No. of revolutions/sec)
 P   N  PN
=    
 2   60  120
NP
120
For example, an a.c. generator having 10 poles and running at 600 r.p.m. will generate alternating voltage
whose frequency is:



f =

f =

NP 10  600
 50Hz .
=
120
120

GENERATION OF ALTERNATING VOLTAGE AND CURRENTS
Alternating voltage may be generated by rotating a coil in a magnetic field, as shown in Fig.2.4(a) or by rotating
a magnetic field within a stationary coil, as shown in Fig.2.4(b).

Fig. 2.4
The value of the voltage generated depends, in each case, upon the number of turns in the coil, strength
of the field and the speed at which the coil or magnetic field rotates. Alternating voltage may be generated in
either of the two ways shown above, but rotating-field method is the one which is mostly used in practice.
Equations of the Alternating Voltages and currents
Consider a rectangular coil, having N turns and rotating in a uniform magnetic field, with an angular velocity of
radian/second, as shown in Fig.2.5. Let time be measured from the X-axis. Maximum flux m is linked with
the coil, when its plane coincides with the X-axis. In time t seconds, this coil rotates through an angle  = t.
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In this deflected position, the component of the flux which is
perpendicular to the plane of the coil, is = m cos t. Hence, flux
linkages of the coil at any time are N= Nm cos t.
According to Faraday’s Laws of Electromagnetic Induction, the
e.m.f. induced in the coil if given by the rate of change of flux-linkages
of the coil. Hence, the value of the induced e.m.f. at this instant (i.e.
when  = t) or the instantaneous value of the induced e.m.f. is
e

d
d
 N   volt = – N.   m cos t  volt = –N m(– sin t ) volt
dt
dt

= N  m sin t volt = Nm sin  volt
...(i)
When the coil has turned through 90° i.e. when  = 90°, then sin
 = 1, hence e has maximum value, says Em. Therefore, from Eq.(i)
we get
Em = n m  NBm A = 2fNBm A volt
where

Fig. 2.5

...(ii)

Bm = maximum flux density in Wb/m ; A = area of the coil in m
f = frequency of rotation of the coil in rev/second
Substituting this value of Em in Eq. (i), we get e = Em sin = Em sin t
Similarly, the equation of induced alternating current is i = Im sin t
provided the coil circuit has been closed through a resistive load.
2

2

...(iii)
...(iv)

Since  = 2f, where if is the frequency of rotation of the coil, the above equations if the voltage and
current can be written as
 2 
 2 
= Em sin2ft  Em sin   t and i  Im sin2ft  Im sin   t
T 
T
 
T = time-period of the alternating voltage or current = 1/f

e

where

It is seen that the induced e.m.f. varies as sine function of the time angle t and when e.m.f. is plotted
against time, a curve similar to the one shown in Fig.2.6 is obtained. This curve is known as sine curve and the
e.m.f. which varies in this manner is known as sinusoidal e.m.f. Such a sine curve can be conveniently drawn,
as shown in Fig.2.7. A vector, equal in length to E m is drawn. It rotates in the counter-clockwise direction with
a velocity of radian/second, making one revolution while the generated e.m.f. makes two loops or one cycle.
The projection of this vector on Y-axis gives the instantaneous value e of the induced e.m.f. i.e. E m sin t.

Fig. 2.6

Fig. 2.7

To construct curve, lay off along X-axis equal angular distance oa, ab, bc, cd etc. corresponding to
suitable angular displacement of the rotating vector. Now, erect coordinates at the points a, b, c and d etc.
(Fig.2.7) and then project the free ends of the vector E m at the corresponding position a', b', c', etc to meet these
ordinates. Next draw a curve passing through these intersecting points. The curve so obtained is the graphic
representation of equation (iii) above.
Alternate Method for the Equations of Alternating Voltages and Currents
In Fig.2.8 is shown a rectangular coil AC having N turns and rotating in a magnetic field of flux density B
Wb/m2. Let the length of each of its sides A and C be/meters and their peripheral velocity v metre/second. Let
angle be measured from the horizontal position i.e. from the X-axis. When in horizontal position, the two sides
A and C move parallel to the lines of the magnetic flux. Hence, no flux is cut and so no e.m.f. is generated in
the coil.
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Fig. 2.8
When the coil has turned through angle , its velocity can be resolved into two mutually perpendicular
components (i) v cos  component-parallel to the direction of the magnetic flux and (ii) v sin  componentperpendicular to the direction of the magnetic flux. The e.m.f. is generated due entirely to the perpendicular
component i.e. v sin.
Hence, the e.m.f. generated in one side of the coil which contains N conductors, is given by,
e = N × Bl v sin .
Root-Mean-Square (R.M.S) Value
The r.m.s value of an alternating current is given by that steady (d.c.) current which when flowing through a
given circuit for a given time produces the same heat as produced by the alternating current when flowing
through the same circuit for the same time.
It is also known as the effective or virtual value of the alternating current, the former term being used more
extensively. For computing the r.m.s. value of symmetrical sinusoidal alternating currents, either mid-ordinate
method or analytical method may be used, although for symmetrical but non-sinusoidal waves, the midordinate method would be found more convenient.

Fig. 2.9
A simple experimental arrangement for measuring the equivalent d.c. value of a sinusoidal current is
shown in Fig.2.9. The two circuits have identical resistance but one is connected to battery and the other to a
sinusoidal generator. Wattmeters are used to measure heat power in each circuit. The voltage applied to each
circuit is so adjusted that heat power production in each circuit is the same. In that case, the direct current will
equal Im / 2 which is called r.m.s. value of the sinusoidal current.
Mid-ordinate Method
In Fig.2.10 are shown the positive half cycles for both symmetrical sinusoidal and non-sinusoidal alternating
current. Divide time base ‘t’ into n equal intervals of time each of duration t/n seconds. Let the average values
of instantaneous currents during these intervals be respectively i1, i2, i3, ....in (i.e. mid-ordinates in Fig.2.10).
Suppose that this alternating current is passed through a circuit of resistance R ohms. Then,
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Fig. 2.10
Heat produced in 1st interval = 0.24 ×10 –3 i12 Rt/n kcal ( 1/J = 1/4200 = 0.24 × 10 –3)
Heat produced in 2nd interval = 0.24 × 10 –3
:
:
:
:
:
:
:
:
:
:
:
:
:
:
:

i 22 Rt/n kcal
:
:
:

Heat produced in nth interval = 0.24 × 10 –3 i n2 Rt/n kcal
 i 2  i 2  ....  i n2 
Total heat produced in t seconds is = 0.24 × 10–3 Rt  1 2
 kcal
n


Now, suppose that a direct current of value I produces the same heat through the same resistance during
the same time t. Heat produced by it is = 0.24 ×10 –3 I2Rt kcal. By definition, the two amounts of heat produced
should be equal.
 i 2  i 2  ...  i n2 
 0.24 × 103 I 2Rt = 0.24 × 10 3 Rt  1 2

n





I =
2

i12  i 22  ...i n2
n

 i12  i 22  ...  i n2 

n



 I= 

= squire root of the mean of the square of the instantaneous currents
Similarly, the r.m.s. value of alternating voltage is given by the expression
V =

 v12  v 22  ....v n2 


n



Analytical Method
The standard form of a sinusoidal alternating current is i = I m sin t = Im sin .
The mean of the squares of the instantaneous values of current over one complete cycle is (even the value
over half a cycle will do).
i 2d 

2

=

  2  0 
0

2

The square root of this value is =


0

i 2d 
2

Hence, the r.m.s. value of the alternating current is
I =
Now, cos 2 = 1 – 2sin2

 2  i 2d  
 Im2 2  2


 0 2 
 2 0 sin d  





 sin2  



I =

(put i = Im sin  )

1  cos 2
2

 Im2

 Im2 
 4   2    2 


 

I=

Im
= 0.707 Im
2

Hence, we find that for a symmetrical sinusoidal current
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r.m.s value of current = 0.707 × max. value of current
The r.m.s. value of an alternating current is of considerable importance in practice, because the ammeters
and voltmeters record the r.m.s. value of alternating current and voltage respectively. In electrical engineering
work, unless indicated otherwise, the values of the given current and voltage are always the r.m.s. values.
It should be noted that the average heating effect produced during one cycle is





2
1 2
= I 2R = Im / 2 R  I m R
2

R.M.S. Value of a Complex Wave
In their case also, either the mid-ordinate method (when equation of the wave is not known) or analytical
method (when equation of the wave is known) may be used. Suppose a current having the equation i = 12 sin
t + 6 sin (3t – /6) + 4 sin (5t – /3) flows through a resistor of R ohm. Then, in the time period T second
of the wave, the effect due to each component is as follows:
Fundamental ................. (12 / 2 )2 RT watt
3rd harmonic.................. (6 / 2)2 RT watt



5th harmonic ................. 4 / 2



2

RT watt



 Total heating effect = RT 12 / 2    6 / 2    4 / 2  
2

2

2

If I is the r.m.s. value of the complex wave, then equivalent heating effect is





I 2RT  RT  12 / 2




I

=



 12 / 2


I 2RT

   6 / 2    4 / 2  
2

2

2

   6 / 2    4 / 2    9.74A
2

2

2

Had there been a direct current of (say) 5 amperes flowing in the circuit also*, then the r.m.s. value would
have been
=

12 / 2   6 / 2    4 / 2 
2

2

2

 5 2  10.93A

Hence, for complex waves the rule is as follows: The r.m.s value of a complex current wave is equal to the
square root of the sum of the squares of the r.m.s. values of its individual components.
Average Value
The average value I a of an alternating current is expressed by that steady current which transfers across any
circuit the same charge as is transferred by that alternating current during the same time.
In the case of a symmetrical alternating current (i.e. one whose two half-cycle are exactly similar, whether
sinusoidal or non-sinusoidal), the average value over a complete cycle is zero. Hence, in their case, the
average value is obtained by adding or integrating the instantaneous values of current over one half-cycle only.
But in the case of an unsymmetrical alternating current (like half-wave rectified current) the average value must
always be taken over the whole cycle.
i.
Mid-ordinate Method
i1  i 2  ....  i n
n
This method may be used both for sinusoidal and non-sinusoidal waves, although it is specially convenient
for the latter.
Analytical Method
The standard equation of an alternating current is, i = Im sin

With reference to Fig.2.16, Iav 

ii.



Iav  0

=

id 
I
 m
   0 





0

sin d 

(putting value of i)


Im
I
2I
I
twice the maximum current
– cos  0  m 1   1  m  m =



/2


1
Iav = Im /   0.637 Im  average value of current = 0.637 × maximum value
2
Note: R.m.S. value is always greater than average value except in the case of a rectangular wave when
both are equal.
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Form Factor
It is defined as the ratio, Kf =

r .m.s.value
0.707I m

 1.1 (for sinusoidal alternating currents only).
averagevalue 0.637Im

In the case of sinusoidal alternating voltage also, K f 

0.707Em
1.11
0.637Em

As is clear, the knowledge of form factor will enable the r.m.s value to be found from the arithmetic mean
value and vice-versa.
Crest or Peak or Amplitude Factor
It is defined as the ratio K a 

maximum value
Im

 2  1.414 (for sinusoidal a.c. only)
r.m.s value
Im / 2

For sinusoidal alternating voltage also, K a =

Em
 1.414
Em / 2

Knowledge of this factor is of importance in dielectric insulation testing, because the dielectric stress to
which the insulation is subjected, is proportional to the maximum or peak value of the applied voltage. The
knowledge is also necessary when measuring iron losses, because the iron loss depends on the value of
maximum flux.
A.C. Through Resistance, Inductance and Capacitance
We will now consider the phase angle introduced between an alternating voltage and current when the circuit
contains resistance only, inductance only and capacitance only. In each case, we will assume that we are
given the alternating voltage of equation e = E m sin t and will proceed to find the equation and the phase of the
alternating current produced in each case.
A.C. Through Pure Ohmic Resistance Alone
The circuit is shown in Fig.2.56 Let the applied voltage be given by the equation
v = Vmsin = Vmsin t
Let R = ohmic resistance; i = instantaneous current
Obviously, the applied voltage has to supply ohmic voltage drop only. Hence for equilibrium
v = iR;
Putting the value of ‘v’ from above, we get V m sin t = iR; i 

...(i)

Vm
sin t ...(ii)
R

Current ‘i’ is maximum when sin t is unity  Im =Vm / R Hence, equation (ii) becomes, i  Im sin t
Comparing (i) and (ii), we find that the alternating voltage and current are in phase with each other as
shown in Fig.2.12. It is also shown vectrorially by vectors VR and I in Fig. 2.11.
Power: Instantaneous power, p = vi = V mIm sin2t
=

... (Fig.2.11)

VmIm
VI
VI
1  cos 2t   m m  m m cos 2 t
2
2
2

Fig. 2.11
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Power consists of a constant part

VmIm
VI
and a fluctuating part m m cos 2t of frequency double that of
2
2

voltage and current waves. For a complete cycle. The average value of

VmIm
cos 2 t is zero.
2

Hence, power for the whole cycle is
P
or
where

P
V
I

VmIm Vm Im


2
2
2
= V × I watt
= r.m.s. value of applied voltage.
= r.m.s. value of the current .

=

Fig. 2.13
It is seen from Fig.2.13 that no part of the power cycle becomes negative at any time. In other words, in
a purely resistive circuit, power is never zero. This is so because the instantaneous values of voltage and
current are always either both positive or negative and hence the product is always positive.
A.C. Through Pure Inductance Alone
Whenever an alternating voltage is applied to a purely inductive coil, a back e.m.f. is produced due to the selfinductance of the coil. The back e.m.f., at every step, opposes the rise of fall of current through the coil. As
there is no ohmic voltage drop, the applied voltage has to overcome this self-induced e.m.f. only. So at every
step

Fig. 2.14

Now



di
dt

v

= L

v

= Vm sin t

Vm sin t

= L

di
V
 di  m sin t dt
dt
L
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Integrating both sides, we get i =
=





Vm
sin t dt
L 

Vm
  cos t 
L

... (constant of integration=0)

Vm
 V

sin  t    m sin  t   / 2 
2  XL
L


Max, value of i is Im =

Vm
L



when sin  t   is unity..
2


Hence, the equation of the current becomes i = Im sin  t   / 2  .
So, we find that if applied voltage is represented by v = V m sint, then current flowing in a purely inductive

circuit is given by i  Im sin  t  
2


Fig. 2.15
Clearly, the current lags behind the applied voltage by a quarter cycle (Fig.2.15) or the phase difference
between the two is /2 with voltage leading. Vectors are shown in Fig. 2.14 where voltage has been taken
along the reference axis. We have seen that I m = Vm/L = Vm/XL. Here ‘L’ plays the part of ‘resistance’. It is
called the (inductive) reactance X L of the coil and is given in ohms if L is in henry and  is in radian/second.
Now, XL = L = 2fL ohm. It is seen that XL depends directly on frequency of the voltage. Higher the value
of f, greater the reactance offered and vice-versa.
Power


VI
Instantaneous power = vi = VmIm sin t sin  t   = – VmImsin t .cos t =  m m sin 2 t
2
2


Power for whole cycle is P = 

VmIm
2



2

0

sin 2t dt  0

It is also clear from Fig.2.15(b) that the average demand of power from the supply for a complete cycle is
zero. Here again it is seen that power wave is a sine wave of frequency double that of the voltage and current
waves. The maximum value of the instantaneous power is V mIm/2.
A.C. Through Pure Capacitance Alone
When an alternating voltage is applied to the plates of a capacitor, the capacitor is charged first in one direction
and then in the opposite direction. When reference to Fig.2.16, let
v = p.d. developed between plates at any instant
q = Charge on plates at that instant.
Then
q = Cv
...where C is the capacitance
...putting the value of v,
= C Vm sin t
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Fig. 2.16

Fig. 2.17

Now, current i is given by the rate of flow of charge.
dq

V

d

V

V





m
m
m
 i = dt  dt (CVm sin t )  CVm cos t or i = I / C cos t  1/ C cos t  1/ C sin  t  2 

Obviously, Im 

Vm
V


 m  i  Im sin  t  
1/ C XC
2


The denominator XC = 1/C is known as capacitive reactance and is in ohms if C is in farad and  in
radian/second. It is seen that if the applied voltage is given by v = V m sin t, then the current is given by
i = Im sin (t + /2).
Hence, we find that the current in a pure capacitor leads its voltage by a quarter cycle as shown in
fig.11.17 or phase difference between its voltage and current is /2 with the current leading. Vector representation
is given in Fig.2.17. Note that V c is taken along the reference axis.
Power. Instantaneous power
p = vi = Vm sin t.

Im sin (t + 90°)

1
= VmIm sin t cos t  VmIm sin 2t
2
Power for the whole cycle

=

2
1
VmIm 0 sin 2t dt  0
2

Fig. 2.18
The fact is graphically illustrated in Fig.2.18. We find that in a purely capacitive circuit, the average demand of
power from supply is zero (as in a purely inductive circuit). Again, it is seen that power wave is a sine wave of
frequency double that of the voltage and current waves. The maximum value of the instantaneous power is
VmIm/2.
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A.C. Through Resistance and Inductance
A pure resistance R and a pure inductive coil of inductance L are shown connected in series in Fig.2.19.

Fig. 2.19

Fig. 2.20

Let V = r.m.s. value of the applied voltage, I = r.m.s. value of the resultant current VR = IR – voltage drop
across R (in phase with I), VL = I.XL –voltage drop across coil (ahead of I by 90°)
These voltage drops are shown in voltage triangle OAB in Fig.2.20. Vector OA represents ohmic drop V R
and AB represents inductive drop V L. The applied voltage V is the vector sum of the two i.e. OB.

 V=

V

2
R

The quantity

2
2
 VL2    IR    I. X L    I R 2  X L2 ,



R

2

V

R

2

 X L2 

I

 X L2  is known as the impedance (Z) of the circuit. As seen from the impedance

triangle ABC (Fig.2.20) Z 2  R 2  X L2 .
i.e. (Impedance)2 = (resistance)2+(reactance)2.
From Fig.11.20 it is clear that the applied voltage V leads the current I by an angle  such that
tan  =

VL I. X L X L L reac tan ce



=
VR I. R
R
R
reac tan ce

x

1
  = tan RL

The same fact is illustrated graphically in Fig.2.22.
In other words, current I lags behind the applied voltage V by an angle .
Hence, if applied voltage is given by v = V m sin t, then current equation is
i = Im sin (t – ) where Im = Vm/Z

Fig. 2.21

Fig. 2.22

In Fig. 2.23. It has been resolved into its two mutually perpendicular components, I cos  along the applied
voltage V and I sin  in quadrature (i.e. perpendicular) with V.

Fig. 2.23
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The mean power consumed by the circuit is given by the product of V and that a component of the current
i which is in phase with V.
So P = V × I cos = r.m.s. voltage × r.m.s. current × cos
The term ‘cos’ is called the power factor of the circuit.
Remember that in an a.c. circuit, the product of r.m.s. volts and r.m.s. amperes gives volt amperes (VA)
and not true power in watts. True power (W) = volt-amperes (V.A) × power factor.
or
Watts = VA × cos
It should be noted that power consumed is due to ohmic resistance only because pure inductance does
not consume any power.
Now P = VI cos  = VI × (R/Z) = (V/Z) × I.R = I2 R ( cos = R/Zzz) or P = I2R watt
Graphical representing of the power consumed is shown in Fig.11.24.
let us calculate power in terms of instantaneous values.
Instantaneous power is = i = Vm sin t x Im sin (t – ) = VmIm sin t sin (t – )
1
VmIm [cos   cos(2t   )]
2
Obviously, this power consists of two parts (Fig.2.25)

=

Fig. 2.25
i.
ii.

1
a constant part VmIm cos  which contributes to real power..
2
1
VmIm cos  2t    which has a frequency twice that of the voltage and current. It
2
does not contribute to actual power since its average value over a complete cycle is zero.

a pulsating component

Hence, average power consumed =

1
V I
VmIm cos   m . m cos   VI cos  , where V and i represent the
2
2 2

r.m.s. values.
Symbolic Notation, Z = R + jXL
Impedance vector has numerical value of

R

2

 X L2 

It is phase angle with the reference axis is  = tan1  X L / R 
it may also be expressed in the polar form as Z = Z  
i. Assuming V = V 0 ; I 

V V 0 V

  –   (Fig.2.26)
Z Z   Z
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It shows that current vector is lagging behind the voltage vector by   . The numerical value of current is V/Z.

Fig. 2.26

Fig. 2.27

ii. However, if we assumed that
I  I 0, then
V = IZ  I 0  Z   
= IZ  
It shows that voltage vector is   ahead of current vector in ccw direction as shown in Fig.2.27.
A.C. Through Resistance and Capacitance
The circuit is shown in Fig.2.28(a). Here VR = IR = drop across R in phase with I.
VC = IXC = drop across capacitor-lagging I by /2.
As capacitive reactance X C is taken negative, VC is shown along negative direction of Y-axis in the voltage
triangle [Fig.2.28(b)]
Now V = VR2   –VC  
2

IR    –IX 
2

C

2

I
 I R 2  X C2 or

V
R X
2

The denominator is called the impedance of the circuit, So, Z =

2
C



V
Z

R 2  X C2

From Fig.2.28(b) it is found that I leads V by angle  such that tan  = –XC/R

Fig. 2.28
Hence, it means that if the equation of the applied alternating voltage is v = Vm sin t, the equation of the
resultant current in the R-C circuit is i = Im sin (t + ) so that current leads the applied voltage by an angle .
This fact is shown graphically in Fig.2.29.

Fig. 2.29
Mr. RAVIRAJ SRIKRISHNA AP/SOA

45

Resistance, Inductance and Capacitance in Series
The three are shown in Fig.2.30(a) joined in series across an ac supply of r.m.s. voltage V.

Fig. 2.30
– in phase with i
VR = IR = voltage drop across R
– leading I by /2
VL = I.XL = voltage drop across L
– lagging I by /2
VC = I.XC = voltage drop across C
In voltage triangle of Fig.2.33(b), OA represents VR, AB and AC represent the inductive and capacitive
drops respectively. It will be seen that VL and VC are 180° out of phase with each other i.e. they are in direct
opposition to each other.
Subtracting BD (=AC) from AB, we get the net reactive drop AD = I(XL – XC)
The applied voltage V is represented by OD and is the vector sum of OA and AD.
Let

2
2
2
 OD = OA2  AD 2 or V   IR    IX L  IX C   I R 2   X L  XC 

V

or

I =

The term

R   X L  XC 
2

2



V
R2  X 2



V
Z

R 2   X L  X C  is known as the impedance of the circuit. Obviously,,
2

(impedance) 2 = (resistance)2 + (net reactance) 2
or

Z 2  R 2   X L  XC   R 2  X 2
2

where X is the net reactance (Fig.2.30 and 2.31).

Fig. 2.31

Fig. 2.32

Phase angle is given by tan  = (XL – XC)/R = X/R = net reactance/resistance.
R
R
R

2
= R 2  ( X  X )2
R
 X2
L
C
Z
Hence, it is seen that if the equation of the applied voltage is v = V m sin t, then equation of the resulting

Power factor is cos  =

current in an R-L-C circuit is given by i = Im sin (t + ) (t   )
The +ve sign is to be used when current leads i.e. X C > XL.
The –ve sign is to be used when current lags i.e. when X L > XC.
In general, the current lags or leads the supply voltage by an angle  such that tan = X/R.
Using symbolic notation, we have (Fig.2.35), Z = R + j (XL – XC)
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Numerical value of impedance Z =

R 2   X L  XC 

2

Its phase angle is  = tan–1 [XL – XC/R]
Z = Z  tan1  X L  X C  / R   Z  tan1  X / R 
If V = V 0 , then I = V/Z.
Summary of Results of Series AC Circuits
Type of impedance

Value of Impedance

Phase angle for current

power factor

R
L
1/ C

0°
90° lag
90° lead

1
0
0

 R 2   L  2 



0<  < 90° lag

1 > p.f. > 0 lag

R 2   1/ C 2 



0<< 90° lead

1 > p.f > 0 lead

R 2  (L ~ 1/ C )2 

between 0° and 90°

between 0 and

lag or lead

unity lag or lead

Resistance only
Inductance only
Capacitance only
Resistance and
Inductance
Resistance and
Capacitance
R-L-C

Resonance in R-L-C Circuits
We have seen from Art.13.9 that net reactance in an R-L circuit of Fig.2.40(a) is
R 2   X L  X C  2   R  X 2


Let such a circuit be connected across an a.c. source of constant voltage V but of frequency varying from
zero to infinity. There would be a certain frequency of the applied voltage which would make X L equal to XC in
magnitude. In that case, X = 0 and Z = R as shown in Fig.2.40(c). Under this condition, the circuit is said to
be in electrical resonance.
As shown in fig.2.40(c), VL = I. XL and VC = I. XC and the two are equal in magnitude but opposite in
phase. Hence, they cancel each other out. The two reactances taken together act as a short-circuit since no
voltage develops across them. Whole of the applied voltage drops across R so that V = X C. The circuit
impedance Z = R. The phasor diagram for series resonance is shown in Fig.2.40(d).
2

X = X L  X C and Z =

Calculation of Resonant Frequency
The frequency at which the reactance of the series circuit is zero is called the resonant frequency f 0. Its value
can be found as under : X L – XC = 0 or XL = XC or 0L = 1/0C.
1
2
1
1
or  2 f0  
or f0 =
2 LC
LC
LC
If L is in henry and C in farad, then f 0 is given in Hz.
When a series R-L-C circuit is in resonance, it possesses minimum impedance z = R. Hence, circuit
current is maximum, it being limited by value of R alone. The current I 0 = V/r and is in phase with V.

or

02 =

Fig. 2.33
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Since circuit current is maximum, it produces large voltage drops across L and C. but these drops being
equal and opposite, cancel each other out. Taken together, L and C from part of a circuit across which no
voltage develops, however, large the current following. if it were not for the presence of R, such a resonant
circuit would act like short-circuit to currents of the frequency to which it resonates. Hence, a series resonant
circuit is sometimes called acceptor circuit and the series resonance is often referred to as voltage resonance.
In fact, at resonance the series RLC circuit is reduced to a purely resistive circuit, as shown in Fig.2.33.
Incidentally, it may be noted that if XL and XC are shown at any frequency f, that the value of the resonant
frequency of such a circuit can be found by the relation f0 = f X C / X L .
When an R-L-C circuit is in resonance
1. net reactance of the circuit is zero i.e. (XL – XC) = 0 or X = 0.
2. circuit impedance is minimum i.e. Z=R. Consequently, circuit admittance is maximum.
3. circuit current is maximum and is given by I0 = V/Z0 = V/R.
4. power dissipated is maximum i.e. P0  I02R  V 2 / R .
5.
6.
7.
8.

circuit power factor angle  = 0 . Hence, power factor cos  = 1.
although VL = VC yet VC is greater than VC because of its resistance.
at resonance, LC = 1.
Q = tan = tan0° = 0°.

Graphical Representation of Resonance
Suppose an alternating voltage of constant magnitude, but of varying frequency is applied to an R-L-C circuit.
The variations of resistance, inductive reactance X L and capacitive reactance X C with frequency are shown in
Fig.2.45(a).
i.
Resistance : It is independent of f, hence, it is represented by a straight line.
ii.
Inductive Reactance : It is given by XL = L = 2fL. As seen, XL is directly proportional to f i.e. XL
increases linearly with f. Hence, its graph is a straight line passing through the origin.
iii. Capacitive Reactance: It is given by XC = 1/C = 1/2fC. Obviously, it is inversely proportional to
f. Its graph is a rectangular hyperbola which is drawn in the fourth quadrant because X C is regarded
negative. It is asymptotic to the horizontal axis at high frequencies and to the vertical axis at low
frequencies.
iv. Net Reactance: It is given by X = X L ~ XC. Its graph is a hyperbola (not rectangular) and crosses the
X-axis at point A which represents resonant frequency f 0.
2
Circuit Impedance: It is given by Z  R 2   X L ~ XC    R 2  X 2


At low frequencies Z is large because X C is large. Since X C > XL, the net circuit reactance X is capacitive
and the p.f. is leading [Fig.2.34(b)]. At high frequencies. Z is again large (because X L is large) but is inductive
because XL > XC. Circuit impedance has minimum values at f0 iven by Z = R because X = 0.

v.

Fig. 2.34
vi.

Current I0 : It is the reciprocal of the circuit impedance. When Z is low. I 0 is high and vice versa. As
seen, I0 has low value on both sides of f 0 (because Z is large there) but has maximum value of I0 =
V/R at resonance. Hence, maximum power is dissipated by the series circuit under resonant
conditions. At frequencies below and above resonance, current decreases as shown in Fig.11.34
(b). Now, I0 = V/R and I = V/Z = VI

R

2

 X 2  . Hence I / I0 = R/Z = VI

R

2

 X 2  where X is the net

circuit reactance at any frequency f.
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vii.

Power Factor
As pointed out earlier, X is capacitive below f 0. Hence, current leads the applied voltage. However,
at frequencies above f 0. X is inductive. Hence, the current lags the applied voltage as shown in
Fig. 2.34. The power factor has maximum value of unity at f0.

Resonance Curve
The curve, between circuit current and frequency of the applied voltage, is known as resonance curve. The
shapes of such a curve, for different values of R are shown in Fig.2.35. For smaller values of R, the resonance
curve is sharply peaked and such a circuit is said to be sharply resonant or highly selective. However, for larger
values of R, resonance curve is flat and is said to have poor selectivity. The ability of a resonant circuit to
discriminate between one particular frequency and all others is called its selectivity. The selectivities of
different resonant circuits are compared in terms of their half-power bandwidths.

Fig. 2.35
Solving Parallel Circuits
When impedances are joined in parallel, there are three methods available to solve such circuits.
(a) Vector or phasor Method (b) Admittance Method and (c) Vector Algebra
Vector or Phasor Method
Consider the circuits shown in Fig.2.36. Here, two reactors A and B have been joined in parallel across and
r.m.s. supply of V volts. The voltage across two parallel branches A and B is the same, but currents through
then are different.

Fig. 2.36
For Branch A, Z1 =

R

Fig. 2.37

 X L2  ; I1 =V/ Z1 ; cos 1 = R1 / Z1 or 1 = cos1 ( R1 / Z1 )

2
1

Current I1 lags behind the applied voltage by 1 (Fig.14.2).
For Branch B, Z2 =

R

2
2

 X c2  ; I2 = V / Z2 ; cos 2 = ( R2 / Z 2 )

Current I2 leads V by 2 (Fig.2.2).
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Resultant current I
The resultant circuit current I is the vector sum of the branch currents I1 and I2 and can be found by (i) using
parallelogram law of vectors, as shown in Fig.2.37. or (ii) resolving I 2 into their X-and y-components (or active
and reactive components respectively) and then by combining these components, as shown in Fig.2.38.
Method (ii) is preferable, as it is quick and convenient.
With reference to Fig.2.38(a) we have
Sum of the active components of I 1 and I2
= I1 cos 1 + I2 cos 2
Sum of the reactive components of I 1 and I2 sin 2 – I1 sin 1
If I si the resultant current and , its phase, then its active and reactive components must be equal to
these X-and Y-components respectively [Fig.2.38(b)].
I cos = I1 cos1 + I2 cos2 and I sin = I2 sin2 – I1 sin1


and

(I1 cos 1  I2 cos 2 )2  I2 sing2  I1 sin 1 2 



I =

I2 sin 2  I1 sin 1
Y  component

I1 cos 1  I2 cos 2 X  component

tan  =

If tan  is positive, then current leads and if tan  is negative, then current lags behind the applied voltage
V. Power factor for the whole circuit is given by
cos  =

I1 cos 1  I2 cos 2 X  comp.

I
I

Fig. 2.38
Admittance Method
Admittance of a circuit is defined as the reciprocal of its impedance. It symbol is Y.
r.m.s.amperes
1 1

or Y 
r.m.s volts
Z V
Its unit is Sciemens (S). A circuit having an impedance of one ohm has an admittance of one Siemens.
The old unit was mho (ohm spelled backwards).
As the impedance Z of a circuit has two components X and R (Fig. 2.39), similarly, admittance Y also has
two components as shown in Fig. 2.40. The X-component is known as conductance and Y-component as
susceptance.
Obviously, conductance
g = Y cos 



Y

=

or

g

=

1 R
. (from Fig. 2.39)
Z Z



g

=

R
R
 2
2
Z
R  X2

Similarly, susceptance b = Y sin  =
The admittance Y 

g

2



1 X
,
2 Z

 b2 just as Z =

 b = X/Z2 = X/(R2+X2) (from Fig. 2.40)

R

2

 X2



The unit of g, b and Y is Siemens. We will regard the capacitive suscepance as positive and inductive
susceptance as negative.
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Fig. 2.39

Fig. 2.40

Application of Admittance Method
Consider the 3-branched circuit of Fig.2.41. Total conductance is found by merely adding the conductances of
three branches. Similarly, total susceptance is found by algebraically adding the individual susceptances of
different branches.

Fig. 2.41
Total conductance G = g1 + g2 + g3 .......
Total susceptance B = (–b1) + (–b2) + b3 ........ (algebraic sum)

 total admittance Y =

G

2

 B2



Total current I = VY; Power factor cos  = G/Y.
Complex or Phasor Algebra
Consider the parallel circuit shown in Fig.2.42. The two impedances, Z 1 and Z2, being in parallel, have the
same p.d. across them.

Fig. 2.42

Fig. 2.43

Now

V
V
I1 = Z and I2 = Z
1
2

Total current

 1
V V
1
I = I1 + I2 = Z  Z  V  Z  Z  V  Y1  Y2   VY
 1
1
2
2 

where

Y = total admittance = Y1  Y2
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It should be noted that admittances are added for parallel branches. Whereas for branches in series, it is
the impedances which are added. However, it is important to remember that since both admittances and
impedances are complex quantities, all additions must be in complex form. Simple arithmetic additions must
not be attempted.
Considering the two parallel branches of Fig.2.43, we have
Y1

R1  jXL 
1
1
= Z  R  jX  R  jX R  jX

1
1
L
1
L  1
L
R1  jXL
R1
XL
= R 2  X2  R2  X2  j R 2  X2  g1  jb1
1
L
1
L
1
L

where

Similarly,

g1

R1
= R 2  X 2 – conductance of upper branch
1
L

b1

XL
= – R 2  X 2 – susceptance of upper branch
1
L

Y2

=

1
1

.
Z 2 R 2  jXC

R2  jXC
R2  jXC
R2
XC
= R  jX R  jX   R2  X2  R2  X2  j R 2  X 2  g2  jb2
2
C
2
C
2
C
2
c
2
C

Total admittance

Y

= Y1  Y2   g1  jb1    g2  jb2    g1  g2   j b1  b2   G  jB

Y

2
2
1  b1  b 2 
=  g1  g2   b1  b2   ;   tna  g  g 
 1 2

The polar form for admittance is Y = Y  where  is as given above.
Total current

1
G2  B2  tan B / G

Y

=

I

= VY; I1 = VY1 and I2 = VY2

If V = V 0 and Y = Y  then I = VY = V 0 × Y  = VY 
In general, if V = V  and Y = Y , then I = VY = V   Y  VY  
Hence, it should be noted that when vector voltage is multiplied by admittance either in complex (rectangular)
or polar form, the result is vector current in its proper phase relationship with respect to the voltage, regardless
of the axis to which the voltage may have been referred to.
Generation of Polyphase Voltage
The kind of alternating currents and voltages discussed in chapter 12 to 15 are known as single-phase voltage
and current, because they consist of a single alternating current and voltage wave. A single-phase alternator
was diagrammatically depicted in Fig.2.1(b) and it was shown to have one armature winding only. But if the
number of armature windings is increased, then it becomes polyphase alternator and it produces as many
independent voltage waves as the number of windings or phases. These windings are displaced from one
another by equal angles, the values of these angles being determined by the number of phases or windings. In
fact, the word ‘polyphase’ mean poly (i.e. many or numerous) and phases (i.e. winding or circuit).
In a two-phase alternator, the armature windings are displaced 90 electrical degrees apart. A 3-phase
alternator, as the name shows, has three independent armature windings which are 120 electrical degrees
apart. Hence, the voltages induced in the three windings are 120° apart in time-phase. With the exception of
two-phase windings, it can be stated that, in general, the electrical displacement between different phases is
360/n where n is the number of phases or windings.

The rotary Phase Converter
Mr. RAVIRAJ SRIKRISHNA AP/SOA

52

Three-phase systems are the most common, although, for certain special jobs, greater number of phases
is also used. For example almost all mercury-arc rectifiers for power purposes are either six-phase or twelvephase and most of the rotary converters in use are six-phase. All modern generators are practically threephase. For transmitting large amounts of power, three-phase is invariably used. The reasons for the immense
popularity of three-phase apparatus are that (i) it is more efficient (ii) it uses less material for a given capacity
and (iii) it costs less than single-phase apparatus etc.
In Fig.2.44 is shown a two-pole, stationary-armature, rotating-field type three-phase alternator. It has
three armature coils aa', bb' and cc' displaced 120° apart from one another. With the position and clockwise
rotation of the poles as indicated in Fig.2.44, it is found that the e.m.f. induced in conductor ‘a’ for coil aa' is
maximum and its direction is away from the reader. The e.m.f. in conductor ‘b’ of coil bb' would be maximum
and away from the reader when the N-pole has turned through 120° i.e. when N-S axis lies along bb'. it is clear
that the induced e.m.f. in conductor ‘b’ reaches its maximum value 120° later than the maximum value in
conductor ‘a’. In the like manner, the maximum e.m.f. induced (in the direction away from the reader) in
conductor ‘c’ would occur 120° later than that in ‘b’ or 240° later than that in ‘a’.
Thus the three coils have three e.m.fs. induced in them which are similar in all respects except that they
are 120° out of time phase with one another as pictured in Fig.2.46. Each voltage wave is assumed to be
sinusoidal and having maximum value of E m.
In practice, the space on the armature is completely covered and there are many slots per phase per
pole.

Fig. 2.44

Fig. 2.45

Fig.2.45 illustrates the relative positions of the windings of a 3-phase, 4-pole alternator and Fig.2.47
shows the developed diagram of its armature windings. Assuming full-pitched winding and the direction of
rotation as shown, phase ‘a’ occupies the position under the centres of N and S-poles. It starts and Sa and
ends or finishes at Fa.
The second phase ‘b’ start at S b which is 120 electrical degrees apart from the start of phase ‘a’, progresses
round the armature clockwise (as does ‘a’) and finishes at Fb. Similarly, phase ‘c’ starts at SC, which is 120
electrical degrees away from Sb, progresses round the armature and finishes at F C. As the three circuits are
exactly similar but are 120 electrical degrees apart, the e.m.f. waves generated in them (when the field rotates)
are displaced from each other by 120°. Assuming these waves to be sinusoidal and counting the time from the
instant when the e.m.f. in phase ‘a’ is zero, the instantaneous values of the three e.m.fs. will be given by curves
of Fig.193.
Their equations are :
ea = Em sin t

....(i)

eb = Em sin(t – 120°)

....(ii)

ec = Em sin(t – 240°)

....(iii)

As shown, alternating voltages may be represented by revolving vectors which indicate their maximum
values (or r.m.s. values if desired). The actual values of these voltages vary from peak positive to zero and to
peak negative values in one revolution of the vectors. In Fig. 2.48 are shown the three vectors representing the
r.m.s. voltages of the three phases Eo, Eb, and Ec (in the present case Ea = Eb = Ec = E, say)
It can be shown that the sum of the three phase e.m.fs. is zero in the following three ways:
i. The sum of the above three equations (i), (ii) and (iii) is zero as shown below:
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Fig. 2.46
Resultant instantaneous e.m.f. = ea  eb  ec
= Em sin t  Em sin  t  120   Em  t  240 
= Em  sin t  2 sin  t  180  cos 60 
= Em sin t  2sin t cos 60  0
ii.
iii.

The sum of ordinates of three e.m.f. curves of Fig.2.46 is zero. For example, taking ordinates AB
and AC as positive and AD as negative, it can be shown by actual measurement that
AB + AC + (–AD) = 0
If we add the three vectors of Fig.11.48 either vectorially or by calculation, the result is zero.

Fig. 2.47
Vector Addition
As shown in Fig.2.49, the resultant of Ea and Eb is Er and its magnitude is 2E cos 60° = E where Ea = Eb = Ec = E.
This resultant Er is equal and opposite to Ec. Hence, their resultant is zero.
By Calculation
Let us take Ea as reference voltage and assuming clockwise phase sequence
Ea = E0  E  j0
Eb = E – 240  E120  E  –0.05  j0.866
Ec = E – 240  E120  E  0.05  j0.866
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 Ea  Eb  Ec  E  j0   E  0.5  0.866   E  0.05  j0.866  0

Fig. 2.48

Fig. 2.49

Fig. 2.50
Phase Sequence
By phase sequence is meant the order in which the three phases attain their peak or maximum values. In the
development of the three-phase e.m.fs in Fig. 2.50, clockwise rotation of the field system in Fig. 2.44 was
assumed. This assumption made the e.m.fs. of phase ‘b’ lag behind that of ‘a’ by 120° and in a similar way,
made that of ‘c’ lag behind that of ‘b’ by 120° (or that of ‘a’ by 240°). hence, the order in which the e.m.fs. of
phases a, b and c attain their maximum values is abc. It is called the phase order or phase sequence
a  b  c as illustrated in Fig. 2.50(a).
If, now, the rotation of the field structure of Fig. 2.50 is reversed i.e. made anticlockwise, then the order in
which the three phases would attain their corresponding maximum voltages would also be reversed. The
phase sequence would become a  b  c. This means that e.m.f. of phase ‘c’ would now lag behind that of
phase ‘a’ by 120° instead of 240° as in the previous case as shown in Fig. 2.50(b). By repeating the letters,
this phase sequence can be written as acbacba which is the same thing as cba. Obviously, a three-phase
system has only two possible sequences : abc and cba (i.e. abc read in the reverse direction).
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UNIT - 3
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CHAPTER - 3
Rotating Electrical Machines
Working
Imagine the coil to be rotating in clock-wise direction (Fig. 3.1). As the coil assumes successive positions in
the field, the flux linked with it changes. Hence, an e.m.f. is induced in it which is proportional to the rate of
change of flux linkages (e = Nddt). When the plane of the coil is at right angles to lines of flux i.e. when it is
in position, 1, then flux linked with the coil is maximum but rate of change of flux linkages is minimum.
It is so because in this position, the coil sides AB and CD do not cut or shear the flux, rather they slide
along them i.e. they move parallel to them. Hence, there is no induced e.m.f. in the coil. Let us take this noe.m.f. or vertical position of the coil as the starting position. The angle of rotation or time will be measured from
this position.

Fig. 3.1

Fig. 3.2

As the coil continues rotating further, the rate of change of flux linkages (and hence induced e.m.f. in it)
increases, till position 3 is reached where  = 90°. Here, the coil plane is horizontal i.e. parallel to the lines of
flux. As seen, the flux linked with the coil is minimum but rate of change of flux linkages is maximum. Hence,
maximum e.m.f. is induced in the coil when in this position (Fig. 3.2).
In the next quarter revolution i.e. from 90° to 180°, the flux linked with the coil gradually increases but the
rate of change of flux linkages decreases. Hence, the induced e.m.f. decreases gradually till in position 5 of
the coil, it is reduced to zero value.
So, we find that in the first half revolution of the coil, no (or minimum) e.m.f. is induced in it when in
position I, maximum when in position 3 and no e.m.f. when in position 5. The direction of this induced e.m.f.
can be found by applying Flaming’s Right-hand rule which gives its direction from A to B and C to D. The current
through the load resistance R flows from M to L during the first half revolution of the coil.
In the next half revolution i.e. from 180° to 360°, the variations in the magnitude of e.m.f. are similar to
those in the first half revolution. Its value is maximum when coil is in position 7 and minimum when in position
1. Hence, the path of current flow is along DCLMBA which is just the reverse of the previous direction of flow.
Therefore, we find that the current which we obtain from such a simple generator reverse its direction after
every half revolution. Such a current undergoing periodic reversals is known as alternating current. It is, obviously,
different from a direct current which continuously flows in one and the same direction. It should be noted that
alternating current not only reverses its direction, it does not even keep its magnitude constant while flowing in
any one direction. The two half-cycles may be called positive and negative half-cycles respectively (Fig. 3.2).
For making the flow of current unidirectional in the external circuit, the slip-rings are replaced by splitrings (Fig. 3.3). The split-rings are made out of a conducting cylinder which is cut into two halves or segments
insulated from each other by a thin sheet of mica or some other insulating material (Fig. 3.4).
As before, the coil ends are joined to these segments on which rest the carbon or copper brushes. It is
seen [Fig. 3.5a)] that in the first half revolution current flows along (ABMNLCD) i.e. the brush No.1 in contact
with segment ‘n’ acts as the positive end of the supply and ‘b’ as the negative end. In the next half revolution
[Fig. 3.5(b)], the direction of the induced current in the coil has reversed. But at the same time, the
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Fig. 3.3

Fig. 3.4

positions of segments ‘a’ and ‘b’ have also reversed with the result that brush no.1 comes in touch with the
segment which is positive i.e. segment ‘b’ in this case. hence, current tin the load resistance again flows from
M to L. The waveform of the current through the external circuit is as shown in Fig.3.6. The current is
unidirectional but not continuous like pure direct current.

Fig. 3.5

Fig. 3.6

It should be noted that the position of brushes is so arranged that the change over of segments ‘a’ and ‘b’
from one brush to the other takes place when the plane of the rotating coil is at right angles to the plane of the
lines of flux. It is so because in that position, the induced e.m.f. in the coil is zero.
Another important point worth remembering is that even now the current induced in the coil sides is
alternating as before. It is only due to the rectifying action of the split-rings (also called commutator) that it
becomes unidirectional in the external circuit. Hence, it should be clearly understood that even in the armature
of a d.c. generator, the induced voltage is alternating.
Motor Principle
An Electric motor is a machine which converts electric energy into mechanical energy. Its action is based on
the principle that when a current-carrying conductor is placed in a magnetic field is experiences a mechanical
force whose direction is given by Fleming’s Left-hand Rule and whose magnitude is given by F = Bll Newton.

Principle of Motor
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Constructionally, there is no basic difference between a d.c. generator and a d.c. motor. In fact, the same
d.c. machine can be used interchangeably as a generator or as a motor. D.C. motors are also like generators,
shunt-wound or series-wound or compound-wound.

Fig. 3.7
In Fig.3.7 a part of multipolar d.c. motor is shown. When its field magnet are excited and its armature
conduction are supplied with current from the supply mains, they experience a force tending to rotate the
armature. Armature conductors under N-pole are assumed to carry current downwards (crosses) and those
under S-poles, to carry current upwards (dots). By applying fleming’s Left-hand Rule, the direction of the force
on each conductor can be found. It is shown by small arrows placed above each conductor. It will be seen that
each conductor can be found. It will be seen that each conductor experiences a force F which tends to rotate
the armature in anticlockwise direction. These forces collectively produce & driving torque which sets the
armature rotating.
It should be noted that the function of a commutator in the motor is the same as in a generator. By
reversing current in each conductor as it passes from one pole to another, it helps to develop a continuous and
unidirectional torque.
Comparison of Generator and Motor Action
As said above, the same d.c. machine can be used, at least theoretically, interchangeably as a generator or as
a motor. When operating as a generator, it si driven by a mechanical machine and it develops, voltage which
in turn produces current flow in an electric circuit. When operating as a motor, it is supplied by electric current
and it develops torque which in turn produces mechanical rotation.

Let us first consider its operation as a generator and see how exactly and through which agency, mechanical
power is converted into electric power.
Significance of the Back e.m.f.
As explained when the motor armature rotates, the conductors also rotate and hence cut the flux. In accordance
with the laws of electromagnetic induction, e.m.f. is induced in them whose direction, as found by Fleming’s
Right-hand Rule, is in opposition to the applied voltage (Fig.3.9). Because of its opposing direction, it is
referred to as counter e.m.f. or back e.m.f. Eb. The equivalent circuit of a motor is shown in Fig.3.10. The
rotating armature generating the back e.m.f. Eb is like a battery of e.m.f. Eb put across a supply mains of V
volts. Obviously, V has to drive Ia against the opposition of E b. The power required to overcome this opposition
is EbIa.
In the case of a cell, this power over an interval of time is converted into chemical energy, but in the present
case, it is converted into mechanical energy.
It will be seen that

Ia =

Net voltage V  Vb

Re sis tance
Ra

where Ra is the resistance of the armature circuit. As pointed out above.
Eb  ZN  (P / A) volt where N is in r.p.s.
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Fig. 3.9

Fig. 3.10

Back e.m.f. depends, among other factors, upon the armature speed. If speed is high, Eb is large hence
armature current Ia, seen from the above equation, is small. If the speed is less, then E b is less, hence more
current flows which develops motor torque. So, we find that E b acts like a governor i.e., it makes a motor selfregulating so that it draws as much current as is just necessary.
Voltage Equation of a Motor
The voltage V applied across the motor armature has to
i.

overcome the back e.m.f. Eb and

ii. supply the armature ohmic drop I aRa.



V = Eb + IaRa

This is known as voltage equation of a motor. Now, multiplying both sides by I a, we get
V Ia = EbIa  Ia2Ra

As shown in Fig. 3.10,
VIa = Electrical input to the armature.
EbIa = Electrical equivalent of mechanical power developed in the armature
Ia2Ra = Cu loss in the armature.

Hence, out of the armature input, some is wasted in I2 R loss and the rest is converted into mechanical
power within the armature.
It may also be noted that motor efficiency is given by the ratio of power developed by the armature to its
input i.e., EbIa/VIa = Eb/V. Obviously, higher the value of E b as compared to V, higher the motor efficiency.
Condition for Maximum Power
The gross mechanical power developed by a motor is Pm = V Ia  Ia2 Ra .
Differentiating both sides with respect to Ia and equating the result to zero, we get
dPm / dIa  V  2IaRa  0

 IaRa  V / 2

v
2
Thus gross mechanical power developed by a motor is maximum when back e.m.f. is equal to half the
applied voltage. This condition is, however, not realized in practice, because in that case current would be
much beyond the normal current of the motor. Moreover, half the input would be wasted in the form of heat and
taking other losses (mechanical and magnetic) into consideration, the motor efficiency will be well below 50
percent.

As

V  Eb  IaRa and IaRa  V / 2

 Ia Ra  V / 2  Eb 

Classification of A.C. Motors
With the almost universal adoption of a.c. system of distribution of electric energy for light and power, the field
of application of a.c. motors has widened considerably during recent years. As a result, motor manufactures
have tried, over the last few decades, to perfect various types of a.c. motors suitable for all classes of industrial
drives and for both single and three-phase a.c. supply. This has given rise to bewildering multiplicity of types
whose proper classification often offers considerable difficulty. Different a.c. motors may, however, be classified
and divided into various groups from the following different points of view:
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Three phase high voltage asynchronous motors.
1.

As Regards their principle of operation
(a) Synchronous motors
i. plain and ii. super
(b) Asynchronous motors
a. Induction motors
i. Squirrel cage single double
ii. Slip-ring (external resistance)
b. Commutator motors
i. Series { single phase universal}
ii. Compensated [conductively inductively
iii. shunt { simple compensated
iv. repulsion { straight compensated
v. repulsion-start induction
vi. repulsion induction

2.

As Regards the Type of Current
i. single phase
ii. three phase
As Regards Their Speed
i. constant speed
ii. variable speed
As Regards Their Structural Features
i. open
ii. enclosed
iv. ventilated
v. pipe-ventilated

3.
4.

iii. adjustable speed
iii. semi-enclosed
vi. reverted frame eye etc.

Induction Motor : General Principle
As a general rule, conversion of electrical power into mechanical power takes place in the rotating part of an
electric motor. In d.c. motors, the electric power is conducted directly to the armature (i.e rotating part)
through brushes and commutator. Hence, in this sense, a d.c. motor can be called a conduction motor.
However, in a.c. motors, the rotor does not receive electric power by conduction but by induction in exactly the
same way as the secondary of a 2-winding transformer receives its power from the primary. That is why motors
are known as induction motors. In fact, an induction motor can be treated as a rotating transformer i.e. one in
which primary winding is stationary but the secondary is free to rotate.

Squirrel cage AC induction motor opened to show the stator and rotor construction,
the shaft with bearings, and the cooling fan.
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Of all the a.c. motors, the polyphase induction motor is the one which is extensively used for various kinds
of industrial drives. It has the following main advantages and also some dis-advantages:
Advantages;
1. It has very simple and extremely rugged, almost unbreakable construction (especially squirrel-cage type).
2. Its cost is low and it is very reliable.
3. It has sufficiently high efficiency. In normal running condition, no brushes are needed, hence frictional
losses are reduced. It has a reasonably good power factor.
4. It requires minimum of maintenance.
5. It starts up from rest and needs no extra starting motor and has not to be synchronized. Its starting
arrangement is simple-especially for squirrel-cage type motor.
Disadvantages
1. Its speed cannot be varied without sacrificing some of its efficiency.
2. Just like a d.c. shunt motor, its speed decreases with increase in load.
3. Its starting torque is somewhat inferior to that of a d.c. shunt motor.
Construction
An induction motor consists essentially of two main parts:
a. a stator and
b. a rotor.
a. Stator
The stator of an induction motor is, in principle, the same as that of a synchronous motor or generator. It is
made up of a number of stamping, which are slotted to receive the windings [Fig. 3.11(a)]. The stator carries
a 3-phase winding [Fig.3.11(b)] and is fed from a 3-phase supply. It is wound for a definite number if poles, the
exact number of poles being determined by the requirements of speed. Greater the number of poles, lesser the
speed and vice versa. It will be shown in Art.34.6 that the stator windings, when supplied with 3-phase
currents, produce a magnetic flux, which is of constant magnitude but which revolves (or rotates) at synchronous
speed (given by N s=120 f/P). This revolving magnetic flux induces an e.em.f. in the motor by mutual induction.

3.11. a. Unwound stator with semi-closed
slots. laminations are of high-quality
low-loss silicon steel
b.

3.11. b. Completely wound stator for
an induction motor.

Rotor
i. Squirrel-cage rotor: Motors employing this type of rotor are known as squirrel-cage induction motors.
ii. Phase-wound or wound rotor: Motor employing this type of rotor are variously known in ‘phasewound’ motors or ‘wound’ motors or as ‘slip-ring’ motors.

Squirrel-cage Rotor
Almost 90 per cent of induction motors are squirrel-cage type, because this type of rotor has the simplest and
most rugged construction imaginable and is almost indestructible. The rotor consists of a cylindrical laminated
core with parallel slots for carrying the rotor conductors which, it should be noted clearly, are not wires but
consist of heavy bars of copper, aluminium or alloys. One bar is placed in each slot, rather the bars are
inserted from the end when semi-closed slots are used. The rotor bars are brazed or electrically welded or
bolted to two heavy and stout short-circuiting end-rings, thus giving us, what is so picturesquely called, a
squirrel-case construction (Fig. 3.12).
It should be noted that the rotor bars are permanently short-circuited on themselves, hence it is not
possible to add any external resistance in series with the rotor circuit for starting purposes.
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The rotor slots are usually not quite parallel to the shaft but are purposely given a slight skew
(Fig. 3.13). This is useful in two ways:

Fig. 3.12a. Squirrel-cage rotor with copper
bars and alloy brazed end-rings
i.
ii.

Fig. 3.12b. Rotor with shaft and brings

it helps to make the motor run quietly by reducing the magnetic hum and
it helps in reducing the locking tendency of the rotor i.e. tendency of the rotor teeth to remain under the
stator teeth due to direct magnetic attraction between the two.

Fig. 3.13
In small motors, another method of construction is used. It consists of placing the entire rotor core in a
mould and casting all the bars and end-rings in one piece. The meal commonly used is an aluminium alloy.
Another form of rotor consists of a solid cylinder of steel without any conductors or slots at all. The motor
operation depends upon the production of eddy currents in the steel rotor.
This type of rotor is provided with 3-phase, double-layer, distributed winding consisting of coils as used in
alternators. The rotor is wound for as many poles as the number of stator poles and is always wound 3-phase
even when the stator is wound two-phase.

(a)

(b)

(c)

Fig. 3.14b. Slip-ring motor with slip-rings brushed and short-circuiting devices
The three phases are starred internally. The other three winding terminals are brought out and connected
to three insulated slip-rings on them [Fig. 3.14(b)]. These three brushes are further externally connected to a
3-phase star-connected the rheostat [Fig. 3.14(c)]. This makes possible the introduction of additional resistance
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in the rotor circuit during the starting period for increasing the starting torque of the motor, as shown in Fig.3.14(a)
(Ex.34.7 and 34.10 and for changing is speed-torque/current characteristics. When running under normal
conditions, the slip-rings are automatically short-circuited by means of a metal collar, which is pushed along
the shaft and connects all the rings together. Next, the brushes are automatically lifted from the slip-rings to
reduce the frictional losses and the wear and tear. Hence, it is seen that under normal running conditions, the
wound rotor is short-circuited on itself just like the squirrel-case rotor.
Fig. 3.15(b) shows the longitudinal section of a slip-ring motor, whose structural details are as under:

Fig. 3.16(a)

Fig. 3.16 (b) longitudinal section of a Jyoti
splash-proof slip-ring motor

1.

Frame. Made of close-grained alloy cast iron.

2.

Stator and Rotor Core. Built from high-quality low-loss silicon steel laminations and flash enamelled on
both sides.

3.

Stator and Rotor windings. Have moisture proof tropical insulation embodying mica and high quality
varnishes. Are carefully spaced for most effective air circulation and are rigidly braced to withstand
centrifugal forces and any short-circuit stresses.

4.

Air-gap. The stator rabbets and bore are machined carefully to ensure uniformity of air-gap.

5.

Shafts and bearings. Ball and roller bearings are used to suit heavy duty, trouble-free running and for
enhanced service life.

6.

Fans. Light aluminium fans are used for adequate circulation of cooling air and are securely keyed onto
the rotor shaft.

7.

Slip-rings and Slip-ring Enclosures. Slip-rings are made of high quality phosphor-bronze and are of
moulded construction.

Why Does the Rotor Rotate
The reason why the rotor of an induction motor
is set into rotation is as follow:
When the 3-phase stator windings, are fed
by a 3-phase magnitude, but rotating at
synchronous speed, is set up. The flux passes
through the air-gap, sweeps past the rotor
surface and so cuts the rotor conductors which,
as yet, are stationary. Due to the relative speed
between the rotating flux and the stationary
conductors, an e.m.f. is induced in the latter,
according to Faraday’s laws of electro-magnetic
induction. The frequency of the induced e.m.f.
is the same as the supply frequency. Its
magnitude is proportional to the relative velocity
between the flux and the conductors and its
direction si given by Fleming’s Right-hand rule.
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Since the rotor bars or conductors form a closed circuit, rotor current is produced whose direction, as given at
Lenz’s law, is such as to oppose the very cause producing it. In this case, the cause which produces the rotor
current is the relative velocity between the rotating flux of the stator and the stationary rotor conductors.
Hence, to reduce the relative speed, the rotor starts running in the same direction as that of the flux and tries
to catch up with the rotating flux.
The setting up of the torque for rotating the rotor is explained below:
In Fig.3.16(a) is shown the stator field which is assumed to be rotating clockwise. The relative motion of
the rotor with respect to the stator is anticlockwise. By applying right-hand rule, the direction of the induction
e.m.f. in the rotor is found to be outwards. Hence, the direction of the flux due to rotor current alone, is as
shown in Fig.3.16(b). Now, by applying the Left-hand rule, or by the effect of combined field [Fig.3.16(c)] it is
clear that the rotor conductors experience a force tending to rotate them in clockwise direction. Hence, the
rotor is set into rotation in the same direction as that of the stator flux (or field).

Fig. 3.16
Slip
In practice, the rotor never succeeds in ‘catching up’ with the stator field. If it really did so, then there
would be no relative speed between the two, hence rotor e.m.f., no roto current and so no torque to maintain
rotation. That is why the rotor runs at a speed which is always less than the speed of the stator field. The
difference in speeds depends upon the load on the motor.
The difference between the synchronous speed N s and the actual speed n of the rotor is known as slip.
Though it may be expressed in so many revolutions/second, yet it is usual to express it as a percentage of the
synchronous speed. Actually, the term ‘slip’ is descriptive of the way in which the rotor ‘slips back’ from
synchronism.
% slip s =

Ns  N
 100
Ns

Sometimes, Ns  N is called the slip speed.
Obviously, rotor (or motor) speed is N = NS (1–s)
It may be kept in mind that revolving flux is rotating synchronously, relative to the stator (i.e. stationary
space) but at slip speed relative to the rotor.
Synchronous Motor - General
A synchronous motor (Fig.3.17) is electrically identical with an
alternator or a.c. generator. In fact, a given synchronous machine
may be used, at least theoretically, as an alternator, when driven
mechanically or as a motor, when driven electrically, just as in the
case of d.c. machines. Most synchronous motors are rated between
150 kW and 15 MW and run at speeds ranging from 150 to 1800
r.p.m.
Some characteristic features of a synchronous motor are worth
nothing:
1. It runs either at synchronous speed or not at all i.e. while running
it maintains a constant speed. The only way to change its
speed is to vary the supply frequency (because Ns=120f/P).
2. It is not inherently self-starting. It has to be run upto
synchronous (or near synchronous) speed by some means,
before it can be synchronized to the supply.
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3.

It is capable of being operated under a wide range of power factors, both lagging and leading. Hence, it
can be used for power correction purposes, in addition to supplying torque to drive loads.

Principle of Operation
As shown, when a 3- winding is fed by a 3- supply, then a magnetic flux of constant magnitude but rotating
at synchronous speed, is produced. Consider a two-pole stator of Fig.3.18, in which are shown two stator
poles (marked Ns and Ss) rotating at synchronous speed, say, in clockwise direction. With the rotor position
as shown, suppose the stator poles are at that instant situated at points A and B. The two similar poles, N (of
rotor) and Ns (or stator) as well as S and Ss will repel each other, with the result that the rotor tends to rotate in
the anticlockwise direction.

Fig. 3.17
But half a period later, stator poles, having rotated around, interchange their positions i.e. N s is at point B
and Ss at point A. Under these conditions, Ns attracts S and Ss attracts N. Hence, rotor tends to rotate
clockwise (which is just the reverse of the first direction). Hence, we find that due to continuous and rapid
rotation of stator poles, the rotor is subjected to a torque which is rapidly reversing i.e., in quick succession,
the rotor si subjected to torque which tends to move it first in one direction and then in the opposite direction.
owing to its large inertia, the rotor cannot instantaneously respond to such quickly-reversing torque, with the
result that it remains stationary.

Fig. 3.19

Fig. 3.19

Fig. 3.19

Now, consider the condition shown in Fig.3.19(a). The stator and rotor poles are attracting each other.
Suppose that the rotor is not stationary, but is rotating clockwise, with such a speed that it turns through one
pole-pitch by the time the stator poles interchange their positions, as shown in Fig.3.19(b). Here , again the
stator and rotor poles attract each other. It means that if the rotor poles also shift their positions along with the
stator poles, then they will continuously experience a unidirectional torque i.e., clockwise torque, as shown in
Fig. 3.19.
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Method of Starting
The rotor (which is as yet unexcited) is speeded up to synchronous/near synchronous speed by some
arrangement and then excited by the d.c. source. The moment this (near) synchronously rotating rotor is
excited, it is magnetically locked into position with the stator i.e., the rotor poles are engaged with the stator
poles and both run synchronously in the same direction. It is because of this interlocking of stator and rotor
poles that the motor has either to run synchronously or not at all. The synchronous speed is given by the
usual relation Ns = 120 f/p.

The rotor and the stator parts of motor
However, it is important to understand that the arrangement between the stator and rotor poles is not an
absolutely rigid one. As the load on the motor is increased, the rotor progressively tends to fall back in phase
(but not in speed as in d.c. motors) by some angle (Fig. 3.20) but it still continues to run synchronously. The
value of this load angle or coupling angle (as it is called) depends on the amount of load to be met by the motor.
In other words, the torque developed by the motor depends on this angle, say,  .

Fig. 3.20

Fig. 3.21

The working of a synchronous motor is, in many ways, similar to the transmission of mechanical power by
a shaft. In Fig. 3.21 are shown two pulleys P and Q transmitting power from the driver to the load. The two
pulleys are assumed to be keyed together (just as stator and rotor poles are interlocked) hence they run at
exactly the same (average) speed. When Q is loaded, it slightly falls behind owing to the twist in the shaft
(twist angle corresponds to  in motor), the angle of twist, in fact, being a measure of the torque transmitted.
It is clear that unless Q is so heavily loaded as to break the coupling, both pulleys must run at exactly the
same (average) speed.
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CHAPTER - 4
CONDUCTION IN SEMINCONDUCTORS
DEFINITION OF SEMICONDUCTOR
Semiconductors

Fig. 4.1
Energy Band Description of Semiconductors

Fig. 4.2
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Majority and Minority Carriers

Fig. 4.4
CONDUCTION PROPERTIES OF SEMICONDUCTORS
TYEPS OF SEMICONDUCTORS
Instrinc Semiconductor

Fig. 4.5
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Extrinsic Semiconductor

n-type Semiconductor
n-type
semiconductor.

Fig. 4.6

Fig. 4.7
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n-type conductivity.

Fig. 4.8
p-type Semiconductor

Fig. 4.9
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Fig. 4.10

Fig. 4.11

Properties of Semiconductors

Effect of Temperature on Semiconductors
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Fig. 4.12

Fig. 4.13

PN JUNCTION DIODE
Definition

Formation of pn junction
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Fig. 4.14
Properties of pn Junction

Fig. 4.15

Mr. RAVIRAJ SRIKRISHNA AP/SOA

Fig. 4.16

78

BEHAVIOUR OF PN JUNCTION
Applying D.C.Voltage Across pn Junction or Biasing a pn Junction

1. Forward biasing

2. Reverse biasing

Forward biasing

Fig. 4.17

Fig. 4.18

Reverse Biasing
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Conclusion.

V.I. CHARACTERISTICS OF ZENER DIODE

Fig. 4.19
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Equivalent Circuit of Zener Diode
"ON" state.

Fig. 4.20
"OFF" state.

Fig. 4.21
Zener Diode as Voltage Stabiliser

Fig. 4.22

Mr. RAVIRAJ SRIKRISHNA AP/SOA

81






Solving Zener Diode Circuits

Ei and RL fixed.

V  E0

RL Ei
R  RL

Fig. 4.23

On State.

Fig. 4.24
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Off state.



Fig. 4.25
Fixed Ei and Variable RL.
RLmin and ILmax.

E0  VZ 



RL Ei
R  RL

RL min 

R VZ
Ei  VZ

I L max 

E0
V
 Z
RL min
RL min

ILmin and RLmax.

I L min  I  I ZM
I L max 

E0
V
 Z
I L min
I L min

Fixed RL and Variable Ei.
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Fig. 4.26
Ei (min).








Ei (max)

Example 1.

Fig. 4.27
Solution.












70 V
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Example 2.
Solution.

Fig. 4.28
Maximum zener current.



70 V
 14 mA
5 k
50 V
 5 mA
10 k



9 mA

Minimum Zener current.





30 V
 6 mA
5 k
1mA

Example 3.

Fig. 4.29
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Solution.

R



R 

Ei  E0
IZ  IL

12 V  7 . 2 V
4 .8
Ei  E0


 43 . 5 
( I Z ) min  ( I L ) max
(10  100 ) mA
110 mA



Example 4.

Fig. 4.30
Solution.





R

Ei  E0
( 22  18) V
4V


 3.33
( I Z ) min  ( I L ) max (200  1000) mA 1200 mA

Example 5.

Fig. 1.1
Solution.



R

Ei  E0
(13  10) V
3V


 30
( I Z ) min  ( I L ) max (15  85) mA 100 mA

Example 6.
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Fig. 4.31
Solution.

R

45  30
15V
Ei  E0


 75
200 mA 200 mA
IZ

Example 7.
Solution.

Fig. 4.32


Example 8.


R

Ei  E0
15V

15
IZ
1000 mA


Fig. 4.33
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Solution.

IL  I 



30 V
 15 mA
2000 

33 V




38 V

Example 9.

Fig. 4.34
Solution.
12 V



R

Ei  E0
16  12
4V


 20 
( I Z ) min  ( I L ) max (0  200) mA 200 mA

Example. 10.

Fig. 4.35
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Solution.










Example. 11.

Fig. 4.36
Solutions.
When filter capacitor shorts.

PHOTO VOLTAIC (SOLAR) CELL
Photo Voltaic Potential

Fig. 4.37. Symbol of Solar Cell
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Construction and Operating Principle of Solar Cell

Fig. 4.38. Structure of Solar Cell

Fig. 1.1. A Solar Cell Array

ADVANTAGES AND DISADVANTAGES
Advantages
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Disadvanteage

HALF-WAVE RECTIFIER

Fig. 2.23
Circuit Details.

Operation.

Disadvantages :

OUTPUT FREQUENCY OF HALF-WAVE RECTIFIER
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Fig. 2.24
EFFICIENCY OF HALF-WAVE RECTIFIER

Re ctifier efficinecy , 

d .c. power output
Input a.c. power

Fig. 1.1


D.C. Power.
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A.C. Power Input :


















 
















Example 12.

Solution.










 40%



Example 13.

Fig. 1.1
Solution.
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I



















 10.36 V

32.53 V

Example 14.







Solution.















 61mA

19.4 mA
30.5 mA


























 0.31 watt



  15.52 volt



Example 15.

 0.763 watt

 39.5%





Solution.
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FULL-WAVE RECTIFIER

CENTRE-TAP FULL-WAVE RECTIFIER

Operation.

Fig. 2.25
Peak inverse voltage.

Fig. 2.26
Disadvantages
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FULL-WAVE BRIDGE RECTIFIER

Fig. 2.23
Operation.

Fig. 2.24
Peak Inverse Voltage.
P
Q

Fig. 2.25
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Advantages

Disadvantages

OUTPUT FREQUENCY OF FULL-WAVE RECTIFIER

f

f

Fig. 2.26
EFFICIENCY OF FULL-WAVE RECTIFIER

i 

v
V sin θ
 m
rf  RL
rf  RL

Fig. 1.1
D.C. output power.

I dc 
Mr. RAVIRAJ SRIKRISHNA AP/SOA
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2

2I 
 d.c.powerout, Pdc  I x RL   m  x RL
  
2
dc

A.C. input power.
2
Pac  I rms
(rf  RL )

I rms  I m / 2
2

I 
Pac   m  (rf  RL )
 2




( 2 I m /  ) 2 RL
Pdc

Pac  I m  2

 (rf  RL )
 2
8
0.812 RL 0.812
RL
 2x


r
 ( r f  RL ) r f  RL
1 f
RL





Example 16.





Solution

r f  20, RL  980 

Vm  50 x 2  70.7 V
Im 

I dc 

I rms 

Vm
70.7 V

 70.7 mA
rf  RL (20  980) 

2 I m 2 x 70.7

 45 mA



I m 70.7

 50 mA
2
2

Example 17.

Solution.
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π



π





0.812
1

rf
RL


Example 18.

Fig. 1.1
Solution.


Vm  57.5 x 2  81.3 V
I



dc



2V

m  2 x 81.3  0.26 A
 x 200
πR
L

V  I x R  0.26 x 200  52
dc
dc
L
81.3 V

100 Hz
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Example 19.

Fig. 1.1
Solution.
D.C. output voltage
Centre-tap circuit

 46 x 2  65 V



2Vm
 RL

Vdc  I dc x RL 


2Vm
x RL
 RL

2Vm 2 x 32.5

 20.7 V



Bridge Circuit

Vdc  I dc RL 

2Vm
2V
2 x 65
 41.4 V
x RL  m 
 RL



PIV for same d.c. output voltage

Centre-tap circuit

46 x 2  65V

Fig. 1.1
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65 V

Vm  23 x 2  32.5V


32.5 V

Example 20.


Solution.

Vm  240 x 2 V



Im 

Vm
240 x 2

 0.7 A
2 rf  RL 2 x 1  480

I dc 

2 I m 2 x 0 .7

 0.45 A



r.m.s.

m
.m.s

f

0.123 W

Example 21.

Fig. 2.30
Solution.



Vs ( pk )  12 x 2  16.97 V



out (pk)

Vav  Vdc 

I av 

2Vout ( pk )





2 x 15.57
 9.91 V


Vav 9.91V

 825.8 μA
RL 12 k
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RIPPLE FACTOR

ripple
factor





Fig. 1.1
Mathematical Analysis.






















 


For half-wave rectification.






 





 



  


For full-wave rectification.
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Example 22.
Splution.
For power supply A











For power supply B



COMPARISON OF RECTIFIERS

FILTER CIRCUITS

Fig. 1.1
filter circuit
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Types of Filter Circuits



Capacitor filter.

Fig. 1.1

Choke input filter.

Fig. 1.1

Capacitor input filter or -filter.
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Fig. 1.1

filter capacitor C1
choke L

filter capacitor C2
Example 23.

Fig. 1.1
Solution.
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Example 24.

Fig. 1.1
Solution.


Fig. 1.1








 














 15.9 V

BIPOLAR JUNCTION TRANSISTOR
Introduction to BJT

Types of BJT
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Fig. 1.1.

Origin of the name "Transistor".

Naming the Transistor Terminals

Emitter.

Collector.

Fig. 1.1.
Base.

Some Facts about the Transistor

Mr. RAVIRAJ SRIKRISHNA AP/SOA

107

Transistor Action

Working of npn Transistor

Fig. 2.30. Basic connection of npn transistor
Working of pnp transistor

Mr. RAVIRAJ SRIKRISHNA AP/SOA
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Fig. 2.30. Basic connection of pnp transistor
Importance of Transistor Action.

Fig. Conventional Current
bipolar junction transistor

N ote.

field effect transistor

Note that when we use term transistor, it means bipolar junction transistor

Transistor Symbols

Fig. 1.1.
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Transistor Circuit as an Amplifier

Fig. 1.1

Illustration.
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Example 25.








Solution.

Fig. 8.8
















 50

Comments.

Transfer + Resistor

Transistor

Transistor Connections

Common Base Connection

Fig. 1.1.

Fig. 1.1.

Current amplification factor ().
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Expression for Collector Current.























Fig. 8.11
Note.

Example 26.
Solution.



0.05 mA

Example 27.


Solution.
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0.1 mA
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Example 28.
Solution.





Example 29.



0.95





Solution.








0.97 mA



Example 30.




Solution.












0.05 mA

Fig. 1.12
Example 31.
Solution.





~







 4.87 mA
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12.16 V

Fig. 1.13
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Characteristics of Common Base Connection

Input Characteristics.

Fig. 1.1.



Input resistance.




Output characteristic.

Fig. 1.1.
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Output resistance.


VBE
I B

Common Emitter Connection

Fig. 1.1.
Base current amplification factor ()






Relation between  and 



 

I C
I B

 

I C
I E
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I C 
  

I E 



I C / I E

I E I C 1  

I E I E

 



I C
I E  I C


1 



Expression for collector current.











































 

Concept of ICEO.

Fig. 1.17

Mr. RAVIRAJ SRIKRISHNA AP/SOA

116












  







Measurement fo Leakage Current
Circuit for ICEO test.

Fig. 1.18

Fig. 1.19

Circuit for ICBO test.



Example 8.8.







Solution.



Example 8.9.
Solution.







9
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 99














mA
Example 8.10.







Solution.









 0.98
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11.76 mA
11.76 mA


Example 8.11.

Solution.









 






 0.022 mA

Fig. 1.21

Example 8.12.




Solution.
7.5 V



 
















Fig. 1.22







 0.026 mA

Example 8.13.







Fig. 1.23
Solution.
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 1010 μA

10 A


Example 8.14.


Solution.


















Example 8.15.
Solution.





2.4 A




















Example 8.16.
Solution.









Fig. 1.24



Fig. 1.25

Example 8.17.
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Fig. 1.26
Solution.


















2.85V


Example 8.18.









Solution.











 0.9977


29.93 mA
29.93 mA


Example 8.19.
Solution.




 1.67 mA

Example 8.20.

Fig. 1.27
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Solution.
Open emitter.

Open-base.
Note.
Open collector.

Example 8.21.

Fig. 1.22
Solution.
Collector-emitter short.

Base-emitter short.

Collector-base short.

Note.

Mr. RAVIRAJ SRIKRISHNA AP/SOA
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Characteristics of Common Emitter Connection

Fig. 8.29
Input Characteristic.

Fig. 1.1.





Input resistance.

VBE
I B
Output Characteristic.
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Fig. 1.1.


Output resistance.

VCE
I C

Common Collector Connection

Fig. 1.1.
Current amplification factor 
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I E
I B

I E ~ I C
Relation between  and 

 

I E
I B

 

I C
I E







 




I E
I E  I C

I E
I E
1

 
I E I C 1  

I E I E

 


Expression for collector current







IB
I
 CBO
1  1 


Applications.





1
1



IE 


I
   C
I E








Comparison of Transistor Connections
S.No.

Characteristic

Common Base



Mr. RAVIRAJ SRIKRISHNA AP/SOA

Common Emitter

Collector Collector
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CB Circuit.



CE Circuit.

CC Circuit.

Commonly Used Transistor Connection

High Current Gain.




High voltage and power gain.
Moderate output to input impedance ratio.

Transistor as an Amplifier in CE Arrangement

Operation.

Fig. 1.1
Analysis of collector currents.

Mr. RAVIRAJ SRIKRISHNA AP/SOA
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S.No.

Particular

Instantaneous a.c.

d.c.

Total

Transistor Load Line Analysis

D.C. load line.

Fig. 8.35


Mr. RAVIRAJ SRIKRISHNA AP/SOA

126



Fig. 8.36
Importance.

Operating Point
operating point.

Fig. 8.37
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Example 8.22.
Solution.

Fig. 8.38


Example 8.23.



5 mA



Solution.









Fig. 8.39
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Example 8.24.

Solution.






6 V, 1 mA





5 V, 1 mA.

Example 8.25.


Fig. 8.40

Fig. 8.41

Solution.














39.6 mA

6.93V.

D.C. Load Line.



Example 8.26.
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Fig. 8.42

Fig. 8.43

CUT OFF AND SATURATION POINTS
Cut Off.

Fig. 8.49
Saturation.





Active reagion.
Note.
Summary.
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cut-off, saturated and actived.

CUT-OFF :
ACTIVE :
SATURATED :

OFF.
OFF.
ON.

ON



active state,


cut-off,

saturation,
Fig. 8.50

Fig. 8.51


Note.

Example 8.31.
Solution.









 20 mA

Fig. 8.52
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Note.
Example 8.32.

Fig. 8.53
Solution.

24V









 10.67 mA

Example 8.33.

Fig. 8.54
Solution.
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saturated.

Example 8.34.

Fig. 8.55
Solution.






saturation
region.
Note.

Fig. 8.56
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CHAPTER - 5
FIELD EFFECT TRANSISTOR
INTRODUCTION

Types of Field Effect Transistor

JUNCTION FIELD EFFECT TRANSISTOR (JFET)

Constructional Details

Fig. 5.1
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JFET Polarities

Fig. 5.2

Principle and Working Of JFET
Principle

Working

Fig. 5.3
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Fig. 5.4
Note.

Schematic Symbol of JFET

Fig. 5.5
Importance of JFET

Difference Between JFET and Bipolar Transistor
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Fig. 5.6

JFET as an Amplifier

Fig. 5.7
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Output Characteristics of JFET

Fig. 5.8

Fig. 5.9

Salient Features of JFET


Important Terms

Mr. RAVIRAJ SRIKRISHNA AP/SOA
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Shorted-gate Drain Current (IDSS)

Fig. 5.10

Fig. 5.11

Pinch off Voltage (VP)

Fig. 5.12
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Gate-source cut off Voltage VGS (off)

Notes

Expression for Drain Current (ID)

VP  VGS (off )

I D  I DDS

 VGS 
1 

 VGS 

2

Fig. 5.14
Example 1.
Solution.



I D  I DDS


VGS 
1 

 VGS ( off ) 

 V 
I D  12 1  GS 
5 


2

2

Ans.
Fig. 5.15
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Example 2.

Solution.

I D  I DSS


VGS 
1 

 VGS ( off ) 

 (4.5) 
 32 1 
 8 


2

2

6.12 mA
Example 3.

I D  I DSS

Solution.


VGS 
1 

 VGS ( off ) 

 V 
5  10 1  GS 
6 

1

2

2

VGS
 5 / 10  0.707
6



1.76 V
6V

Example 4.
Solution.



Fig. 5.16
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10.72V

Fig. 5.17

141

Example 5.
Solution .



V
I D  I DSS 1  GS 
 V

GS ( off ) 


  2V
 3mA 1 
  6V





2

2

Example 6.
Solution.
0A.
Advantages of JFET



Parameters of JFET
a.c. drain resistance (r d).



rd 

rd 



VDS
I D
2V
0.02 mA





Transconductance (g fs).



g fs 

 ID
 VGS

g fs 

0.3 mA
0.1V
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VDS
VGS

Relation Among JFET Parameters














Example 19.7.



Solution.









 15,000 MΩ



Example 19.8.

Solution.










 3000 μ mho

Example 19.9.

Solution.
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 32 kΩ



 3000 μ mho
96

Variation of Transconductance (g m or gfs) of JFET







Fig. 5.18
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Example 19.10.
Solution

 












  








Example 19.11.





Solution.






 







  




 

 

  













Types of MOSFETs

D-MOSFET.



Mr. RAVIRAJ SRIKRISHNA AP/SOA

145

Fig. 5.19

Fig. 5.20

E-MOSFET.

Why the name MOSFET?

Symbol for D-MOSFET
n-channel D-MOSFET.

Fig. 5.21
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p-channel D-MOSFET.

Fig. 5.22
Circuit Operation of D-MOSFET

Depletion mode
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Fig. 5.23
Enhancement mode.

Fig. 5.24
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D-MOSFET Transfer Characteristic

Fig. 5.25


 








Example 19.30.

Solution.
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Example 19.31.
Solution.
 
 







 



 




 






 
 






Transconductance and Input Impedance of D-MOSFET


 














D-MOSFET Biasing

Zero bias.

Fig. 5.26
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Example 19.32



Solution.

Common-Source D-MOSFET Amplifier

Fig. 5.28

Fig. 5.29

Operation.



Voltage gain.
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Example 19.33.

Fig. 5.30
Solution.


















D-MOSFETs Versus JFETs
Devices
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JFETs

D-MOSFETs

152

E-MOSFET







Fig. 5.31

Fig. 5.32
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Schematic Symbols.

Equation for Transconductance Curve.









Fig. 5.34

Example 19.34.
Solution.



















Example 19.35.
Solution.
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Boolean Algebra
Boolean algebra

Basic Laws of Boolean Algebra

Boolean Addition and Multiplication

Boolean Addition

Boolean Multiplication

Table 6.11 : Rules for Boolean addition and Boolean Multiplication

Boolean Algebraic Theorems

Theorem No.

Mr. RAVIRAJ SRIKRISHNA AP/SOA
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Theorem No.

Theorem







Table 6.12 Boolean Algebraic Theorems
Duality concept

Theorem 10;

A + BC = (A + B) (A + C)

Commutative property:
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Associative property :

Distributive property :

Absorption property :
1.
Proof


2.
Proof

3.
Proof

4.
Proof

Consensus Law :
Proof
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Proof




vi. Principle of Duality

De-Morgan’s Theorem





Proof of De- Morgan’s Theorem :
By Truth Table (Perfect Induction Method)







Table 6.13. Prof for DE-Morgan’s Theorem
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2.

Algebraic method ;

Minimization (Simplification) of Boolean Expression using Algebraic Method

Example 12 :
Solution.



Example 13 :

 

Solution :

 

 

 













  














Example 14 :
 

Solution.





Example 15 :







Solution.





        














Example 16 :
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Solution:





































































 









 









































  


















Example 17 :
Solution.
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Example 18 :



Solution :






















     
   

 

















  
 

 






Example 19 :
Solution. :





























































RHS :











































































Example 20 :





Solution.







 













Example 21 :




Solution.
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Example 22 :











Solution:

































 















 



 















Example 23 :





Solution.












































Example 24 :








Solution.
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Binary Number System

Stones

Decimal

Binary











Fig. 5.35

Notes :

Place Value
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Decimal to Binary Conversion

2

Fig. 5.36
Example 26.1.
Solution.



Note.

Example 26.2.
Solution.



Binary to Decimal Conversion



 

 

 

 

 



Mr. RAVIRAJ SRIKRISHNA AP/SOA

164

Note.


 

 



 

 

 

Example 26.3.
Solution.



Octal Number System

1.













Decimal-to-Octal Conversion.

Division

Remainder






Division

Remainder





2.

Octal-to-Decimal Conversion.
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3.

Octal-to-Binary Conversion.



4.





Binary-to-Octal Conversion.

}

}

}







}

}

}









Example 26.4.

Solution.
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Example 26.5.
Solution.


Example 26.6.
Solution.
Division

Remainder














Hexadecimal Number System

.
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Division



Remainder















}

}

}


Example 26.7.
Solution.
Division







Remainder

Example 26.8.
Solution.
Division





Remainder

Example 26.9.
Solution.
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Binary-Coded Decimal Code (BCD Code)

Example 26.10.
Solution.

Note.

Logic Gates

Fig. 5.37
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Three Basic Logic Gates

OR Gate

Fig. 5.38
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Fig. 5.39



AND Gate

Fig. 5.40
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Fig. 5.41

NOT Gate or Inverter

Fig. 5.42
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Combination of Basic Logic Gates

NAND gate



Fig. 5.43
NOR gate

Fig. 5.44
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NAND Gate as a Universal Gate

Fig. 5.45

Exclusive OR Gate
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Fig. 5.46













Example 26.11.
Solution.

Fig. 5.47

Example 26.12.

Fig. 26.16
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Solution.
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UNIT - 5
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..
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CHAPTER - 6
COMMUNICATION SYSTEMS
BLOCK DIAGRAM OF COMMUNICATION SYSTEM
A communication system may be described by the block diagram as shown in Fig. 6.1. The basic elements
of a communication system are information source, input transducer, transmitter, transmission channel, receiver
and destination.
Information
source

Input
transducer

Transmitter

Transmission
channel

Receiver

Information
destination

Output
transducer

Fig. 6.1. Block Diagram of a Communication System.

Information Source
Originates the messages or information in the form of audio, image, text, data, codes etc. However out of
these messages, only the desired message is selected and communicated through the transmission.
Input Transducer
converts source information into electrical signal (incase if the information source is not in the form of electrical
signal). It may use microphone, camera, keyboard etc.
Transmitter
It processes the incoming information so as to make it suitable for onward transmission and subsequent
reception. The transmitter consists of a number of electronic components e.g. oscillator modulator, amplifier,
antenna etc.
Transmission Channel
It is the electrical medium through which the information (message) travels from the transmitter to the receiver.
It provides a path (physical connection) or free space for modulated wave to travel between transmitter and
receiver. The transmission can be point-to-point or in a broadcast mode. The medium can be one of the
following types:
•
Wired Lines (twisted pair, co-axial cable, waveguide, fibre optic cable, LASER beam etc.) type
•
Wireless / Radio (Microwave, satellite, etc.) type
‘Notice’ is an unwanted but unavoidable electrical signal which may introduce at any point in the
communication system. It should be kept at minimum. It is most noticeable when it occurs in the channel or
at the input of the receiver. When the level of noise is too high it makes the information useless and reduces
the quality of the system. A good system should have a high signal to noise ratio.
Receiver
It receives the transmitted signal and performs a process which is reverse of transmitter stage. The transmitted
signal is received through antenna and then processed to get the original signal. The electronic components
of receiver are antenna, filter, amplifier, demodulator etc.
Output Transducer
It converts the electrical signal at its input into the form desired by the system user. It may use loud speaker,
personal computer (PC), tape recorder etc.
Information Destination
At last the original information is received at this destination without any noise or distortion.
Figure 6.1 represents one-way (simplex) transmission. Two way communication of course requires a
transmitter and receiver at each end. A full duplex system has a channel that allows simultaneous transmission
in both directions. A half-duplex system allows transmission in either direction but not at the same time.
Mr. RAVIRAJ SRIKRISHNA AP/SOA
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IEEE SPECTRUM FOR COMMUNICATION SYSTEMS
Radio waves are a type of Electromagnetic (EM) radiation with wavelengths in the electromagnetic spectrum
longer than infrared light. Radio waves have frequencies from 3 KHz to 300 GHz, which corresponds to the
wavelength from 100 km to 1 mm. Like all other electromagnetic waves, they travel at the speed of light.
Radio waves are used for mobile radio communication, broadcasting, RADAR and other navigational systems,
satellite communication, computer network and many other applications. Different frequencies of radio waves
have different propagation characteristic in the earth’s atmosphere. Radio spectrum is typically government
regulated in developed countries and in some cases sold or licensed to operators of private radio transmission
systems for example mobile phones and broadcast television stations.
A frequency band is a small section of the spectrum of radio communication frequencies, in which channels
are usually used or set aside for the same purpose. Above 300 GHz the absorption of EM radiation by earth’s
atmosphere is so great that the atmosphere is effectively opaque. To convert from frequency (f) to wavelength
() & vice versa, recall that f = c/ or  = c/f, where c = speed of light.
meter 
fHz 

or

3  108 3  105 300 0.3



fHz
fKHz
fMHz fGHz

3  108
3  105
300
0.3
, fKHz 
, fMHz 
,fGHz 
meter
meter
meter
meter

For example : at 10 GHz, the wavelength = 30/10 = 3 cm.
Military RADAR band nomenclature (L, S, C, X, Ku, K and Ka bands) originated during word war-II as a
secret code so scientists and engineers could talk about frequencies without divulging them. After the war the
codes were declassified, millimeter (mm) was added and the designation were eventually were eventually
adopted by the IEEE. (Institute of Electrical and Electronic Engineers).
The IEEE adopted nomenclature for various bands is shown in table 6.1. The same is used in military
RADAR, satellite and terrestrial communications.
Table 6.1 : IEEE RADAR Band Designations
Band

Frequency Range

Origin of Name

HF

3 to 30 MHz

High Frequency

VHF

30 to 300 MHz

Very High Frequency

UHF

300 to 1000 MHz

Ultra High Frequency

L

1 to 2 GHz

Long wave

S

2 to 4 GHz

Short wave

C

4 to 8 GHz

Compromise between S and X

X

8 to 12 GHz

X for cross (used in world war-II for fire control)

Ku

12 to 18 GHz

Kurz - under

K

18 to 27 GHz

German Kurz (short)

Ka

27 to 40 GHz

Kurz - above

V

40 to 75 GHz

-

W

75 to 110 GHz

W follows V in the alphabet

mm

110 to 300 GHz

-

The IEEE system in widely used, but lacks some fine granularity. In that it covers maximum of RADAR
frequencies bands i.e. starting from 1 GHz. The designations below for the lower frequencies come from ITU
(International Telecommunication Union) frequency bands which are more useful for radio applications. These
are shown in Table 6.2.
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Table 6.2 : ITU Radio Band Designations
Band

Frequency Range

Origin of Name

VLF

3 to 30 KHz

Very Low Frequency

LF

30 to 300 KHz

Low Frequency

MF

300 to 3000 KHz

Medium Frequency

TYPES OF COMMUNICATION
Based on the type of modulation scheme and the nature of the output of the information sources, the
communication systems are divided into two categories :
1. Analog communication, and
2. Digital communication
Other ways of categorizing communication systems include the classification based on the frequency of
the carrier and the nature of the communication channel.
Analog Communication
Analog communication systems are designed to transmit analog information using analog modulation methods.
The block diagram of an analog communication system is shown in Fig. 6.2.
Message

Modulator

Transmitter

Communication
channel

Receiver

Demodulator

Message

Noise

Fig. 6.2. Block Diagram of Analog Communication System.

These include the modulator which produces a signal that is transmitted over the communication channel
through the transmitter and on the other side the receiver receives the signal and the demodulator reconstructs
the original analog signal. The noise is an unavoidable random signal, which is entirely undesirable in nature.
This electrical energy invariably enters any communication system through the electronic components present
in the transmitter and receiver circuit. They are also present in the medium itself. Noise is one of the most
serious problems to be handled by any communication system and is very crucial in designing the system.
Methods are devised to minimize noise but it can not be eliminated fully.
Advantages of Analog Communications
1. Transmitter and receivers are simple
2. Requires smaller bandwidth
3. Frequency Division Multiplexing (FDM) can be used
4. Synchronization problem is relatively easier.
Disadvantages of Analog Communications
1. Repeaters can not be used between transmitters and receivers
2. Not suitable for secret informations
3. Coding is not possible
4. Noise affects the quality of signal
5. No error correction capability
6. Noise and signals are inseparable
Applications
1. Radio broadcasting (AM, FM)
2. T.V. broadcasting
3. Telephones
Digital Communication
Digital communication systems are designed to transmit digital information using digital modulation schemes.
Figure 6.3 shows the block diagram of a digital communication system.
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Discrete
Information
Source

Source
Encoder

Channel
Encoder

Modulator

Communication
Channel

Output
Information
Destination

Source
Decoder

Channel
Decoder

Noise

Demodulator

Fig. 6.3. Block Diagram of Digital Communication System

The main purpose of the system is to transmit the message coming out of a source to the destination at
a high rate and accuracy as possible. The source and destination points are physically separated in space
and communication channel of some sort connects the source to the destination point. The main function of
the encoder, modulator, demodulator and the decoder is to combat the degrading effects of the channel on the
signal and maximize the information rate and accuracy.
Desecrate information source are characterized by the parameters viz. source alphabet (letters/symbols),
symbol rate, source alphabet probabilities and probabilistic dependance of symbols in a sequence. The
source encoder converts the symbol sequence into a binary sequence of 0’s and 1’s by assigning code words
to the symbols in the input sequence. Modulation is a reversible process. The extraction of the message from
the information bearing waveform produced by the modulator is accomplished by the demodulator.
Advantages of Digital Communications
1. Repeaters can be used between transmitter and receiver to regenerate the digital signal.
2. Digital circuits are simpler and in expensive.
3. Error detection and correction is possible by coding.
4. Can merge different types of data (Audio, Video, Text).
5. Time Division Multiplexing (TDM) is possible.
6. Privacy is maintained.
7. Advanced data processing techniques can be used like digital signal processing, image processing and
data compression etc.
8. Better noise immunity.
Disadvantages of Digital Communications
1. The bit rates are very high.
2. Larger bandwidth.
3. Synchronization problem is complicated.
Applications
1. Long range ground to space communication
2. Military communication for coding advantage.
3. Telephones lines
4. Satellite communication
5. Computer and data communications
MODULATION AND DEMODULATION
Modulation
Modulation is the process of altering some characteristics of the carrier wave (such as amplitude, frequency or
phase) in accordance with the instantaneous value of the modulating wave. The process is more clear in
Fig. 6.4.
Modulating
signal
(information)

Modulator

Modulating
signal

Carrier
signal

Fig. 6.4. Modulation Process.
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In the modulation process two signals are used namely the modulating signal and the carrier signal. The
modulating signal is the based and signal which contains the information or intelligence, while the carrier is a
high frequency, constant amplitude, constant frequency and non-interrupted wave generated by radio-frequency
oscillators. The carrier wave infect acts as a carrier which carries the information signal (modulated signal)
from transmitter to the receiver. The modulator combines the two signals to from the modulated signal.
Demodulation
Demodulation or detection is the process of extracting the original information signal from the modulated
carrier wave. This is a reverse process of modulations. It is carried out for the following reasons
1. The transmitted modulated wave consists of RF component mixed with AF signal. If it is fed directly to
the loud speaker it will not produce any sound as the RF consists of vary high frequency and the loud
speaker can not respond to such frequencies due to large inertia of their vibrating discs etc.
2. Such RF wave will also not produce any effect on human ears as its frequency is much higher than the
audible range of human ears i.e., 20 Hz to 20 KHz.
Therefore it is essential to separate the AF signal from RF modulated carrier wave.
NEED FOR MODULATION
Low frequency signals can not be transmitted over a long range directly without modulation. The main factors
responsible for the need of modulation are :
1. Small Operating Range
The energy of any wave depends on its frequency, the larger the frequency, the greater the energy contained
by it. An audio signal having small frequency and hence a small power can not travel a long distance if
radiated directly into the space. Therefore a modulated wave is needed to send the signal over a longer
range.
2. Huge Antenna size
The size of the antenna required for an efficient transmission (or reception) is at least /4 i.e., one quarter
wavelength.
i.e.



 1 (c)
 
4 4 (f )

where c = 3 x 108 m/sec. and f = Frequency in Hz

Let the frequency of transmitted signal is 15 KHz, then an antenna of length 15 km will be required which
is practically not possible. On the other hand if the transmitted signal is of frequency 15 MHz then the
size of the antenna required will only be about 15 meters, which is quite easily constructed.
3. Poor Radiation Efficiency
The radiation efficiency at audio frequencies is very poor and the transmission is not practicable. But at
high frequencies (above 20 KHz) the energy can be radiated efficiently thus is the need of modulation.
4. Mutual Interference
The audio frequency range is from 20 Hz to 20 KHz. If this signal is transmitted directly from different
sources then all of these will mix up and will not serve the purpose. Therefore different signals can be
transmitted at different carrier frequency through modulation to get the transmission without interference.
Hence, the only solution is to transmit the low-frequency signal with the help of a high frequency carrier
wave using modulation, to avoid the factors mentioned above.
TYPES OF MODULATION
Modulation is a process of mixing a signal with a sinusoid (sine wave) to produce a new signal. This new signal
has many advantages over un-modulated signal during transmission. A general function for a sinusoid :
f(t)  A  sin(t  )

Here we can see that this sinusoid has 3 parameters, that can be altered to affect the shape of the graph.
These parameters are :
•
A, the amplitude or magnitude of the sinusoid
•
the angular frequency (in radian per second)
•
the phase angle
Depending upon these three parameters we have three types of modulations i.e., Amplitude Modulation
(AM), Frequency Modulation (FM) and Phase Modulation (PM).
i. In Amplitude Modulation the amplitude of the carrier signal changed (modulated) in proportion to the
message signal while the frequency and phase are kept constant.
ii. In Frequency Modulation the frequency of the carrier signal is changed (modulated) in proportion to the
message signal while the amplitude and phase are kept constant.
iii. In Phase Modulation the phase of the carrier signal is varied in accordance to the low frequency of the
message signal keeping the amplitude and frequency unchanged.
In India radio broadcasting using AM as well as FM while for TV transmission AM is used for video signal
and FM is used for audio signals. Therefore our discussion in this chapter will be limited to AM and FM only.
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Another way of classification of modulation is according to the nature of carrier wave used. As per this it
can be either continuous wave modulation, and pulse modulation.
i. Continuous Wave Modulation
When the carrier wave is continuous in nature then this modulation is called continuous wave modulation
or analog modulation. AM, FM, PM fall under this category.
ii. Pulse Modulation
When the carrier wave is a pulse type waveform then this modulation is called pulse modulation. Here the
carrier wave is a periodic sequence of rectangular or square pulses. Pulse modulation can be of two types
analog and digital.
•
In analog pulse modulation the amplitudes, duration or position of the pulse varies in accordance with
the message signal. Here it is of three types, i.e., Pulse Amplitude Modulation (PAM), Pulse Duration
Modulation (PDM) and Pulse Position Modulation (PPM).
•
In digital type of pulse modulation we have Pulse Code Modulation (PCM).
AMPLITUDE MODULATION (AM)
Amplitude Modulation
Amplitude Modulation is the process of changing amplitude of the high frequency carrier wave in accordance
with the instantaneous value of modulating signal, keeping the frequency and phase unchanged. In this
process the modulating signal (information) is superimposed upon the RF carrier waves with the help of modulator.
Fig. 6.5 shows the AM waveform for sine wave and Fig. 6.6 shows the details of amplitude modulated carrier
wave. Here the amplitudes of both positive and negative half cycles are varied according to the information
signal. The RF carrier wave consists of sine wave where amplitudes follow the amplitude variations of the
modulating wave. The carrier is contained in an envelope formed by the modulating wave. Thus the amplitude
variations of the carrier wave are at the signal frequency and the frequency of AM is equal to the frequency of
carrier wave.

Fig. 6.5. AM waveform for sine wave.

Fig. 6.6. Amplitude modulated carrier wave.
Mr. RAVIRAJ SRIKRISHNA AP/SOA

185

Analysis and Frequency Spectrum of Amplitude Modulated Carrier Wave
Let the carrier and modulating wave be represented by
c(t)  Vc cos c t

...(i)

and
x(t)  Vm cos mt
We know that general expression for AM signal is

...(ii)

s(t)  [Vc  x(t)] cos c t
 Vc cos c t  x(t) cos c t
By putting the value of x(t) from equation (ii) we get

...(iii)

s(t)  Vc cos c t  Vm cos mt cos c t
 Vc cos c t  0Vm cos c t cos m t

 V

 Vc cos c t 1  m cos m t 
V
c


We know that the modulation index for AM is given by
ma 

x(t) max

...(iv)

...(v)

Vc

Where x(t) max is the maximum amplitude of modulating signal and V c is the maximum amplitude of carrier
signal.
Hence

x(t) max  Vm
ma 

Vm
Vc

Putting this value in equation (4) we get
s(t)  Vc cos c t [1  ma cos m t]

...(vi)

 Vc cos c t + Vcma cos c t  cos mt
 Vc cos c t +

Vc  ma
[2 cos c t  cos m t]
2

 Vc cos c t +

Vc  ma
[ cos( c  m )t  cos( c  m )t]
2

Vc  ma
V m
cos( c  m )t  c a cos( c  m )t]
2
2
Equation (vii) reveals that the AM signal has three frequency components as given below:
 Vc cos c t +

i.

Carrier frequency c having amplitude Vc .

ii.

Upper sideband (c  m ) having amplitude

...(vii)

ma  Vc
.
2

ma  Vc
.
2
The frequency spectrum of AM is shown in Fig. 6.7.

iii. Lower side band (c  m ) having amplitude

Fig. 6.7. Frequency Spectrum of AM.
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Modulation Index
Modulation index is defined as the ratio of change in amplitude of carrier wave to the amplitude of normal carrier
wave. Hence
ma 

Vm (amplitude change of carrier wave)
Vc (amplitude of normal, unmodulated carrier wave)

The modulation index is a number between 0 and 0.8. It can also be represented in percentage by
multiplying by 100 :
% modulation 

Vm
 100
Vc

It may also be defined in terms of values referred to the modulated carrier wave (refer Fig. 6.6).
m

Vmax  Vmin
Vmax  Vmin

Where Vmax and Vmin are the maximum and minimum values of the modulated carrier wave.
The Various Cases For
Amplitude modulated wave for different values of ‘m’ are discussed as: (Assuming in V m as the amplitude of
signal).
Case 1.

When Vm = 0,
it means m = 0
This is the case of unmodulated carrier wave.

Case 2.

When Vm 

Case 3.

When Vm = Vc
Then m = 1 or 100%
The carrier wave is 100% modulated.

Case 4.

When Vm > Vc
Then m >> 1
The modulation is called over-modulation.

Vc
2
In this case m = 0.5 or 50%
The carrier wave is said to be 50% modulated.

Advantages and Disadvantages of AM
Advantages
Amplitude Modulation has the following advantages :
i.
Simple to implement
ii.
Inexpensive
iii. Can be demodulated using only a few components
Disadvantages
i.
Low efficiency in terms of power usage
ii.
Limited range of operation
iii. Noisy reception
iv. Poor recovery of original signal
v.
Lower band width
Applications of AM
i.
Radio Broadcasting
ii.
Inexpensive
iii. Personal (Walkie-Talkie)
iv. Military : to control weapons
v.
Business : Conference calls
FREQUENCY MODULATION (FM)
Frequency Modulation
Frequency modulation is the process in which the frequency of carrier wave is varied instantaneously in proportion
with the amplitude of the modulating signal, keeping amplitude and phase constant. Thus the information is
conveyed via frequency change. Fig. 6.8 shows the FM waveform for sine wave.
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Fig. 6.8. FM waveform for sine wave.

In an FM receiver, it is the amount of frequency shift that is produced in the modulated waveform that
determines the volume (audio intensity) heard on the speaker of the receiver. Thus we can say ; as the
amplitude of the modulating signal increases or decreases, the frequency of the carrier wave also increases or
decreases. However the amplitude of the FM modulated carrier remains constant and it does not change. The
problem associated in AM are overcome in FM.
Analysis and Frequency Modulated Carrier Wave
Let the carrier and modulating wave be represented by
and

c  Vc Cos (c t  )

...(i)

m  Vmcos mt

...(ii)

Where  c , Vc , c and  are instantaneous values, peak value, angular velocity and the initial phase angle
of the carrier ; and m , Vm and m are the instantaneous value, peak value and the angular velocity of the
modulating wave.
Let
Where

c (t)  c t  

...(iii)

c (t) is the total instantaneous phase angle of the carrier wave at time t. Hence from equation (i),

we get
c  Vc cos c (t)

...(iv)

The c is defined as the instantaneous rate of increase of instantaneous phase (or angular displacement),
is related to phase angle c as below :
c 

d c
...(v)
dt

In FM, fc (frequency of carrier wave) varies with time according to the instantaneous value of the modulating
voltage. Thus the frequency of the carrier after FM is given by.
  c  K f  v m  c  K f  Vm cos m t
...(vi)
Where Kf is a constant of probability and represents the frequency conversion factor, whose value
depends on the modulation system. The total instantaneous phase of the FM wave is obtained by integrating
equation (vi).
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(t)    dt   (c  K f  Vm cos m t  dt
 c t  K f  Vm

1
sin m t  l
m

Where t is the constant of integration and represents the initial phase. It may be neglected as it is
insignificant in the modulation process. Thus:
(t)  c t  K f

Vm
sin m t
m

Hence the equation of FM wave is given by
FM  Vc sin (t)

or



V
FM  Vc sin c t  K f  m sin mt 

m



...(vii)

The instantaneous frequency of FM wave can be drawn from equation (vi). Thus
f

or

 c
V

 K f m cos m t
2  2
2

f  fc  K f

Vm
cos m t
2

...(viii)

From this equation the maximum and minimum value of frequency are given as:
fmax  fc  K f

Vm
2

Vm
(as cos 180 = -1)
2
Hence the frequency deviation, which is defined as the maximum change in frequency from mean value f c, is
given by

and

fmin  fc  K f

fd  fmax  fc  fc  fmin  K f

Vm
2

...(ix)

Also the carrier swing, which is the total variation in frequency from minimum to maximum value i.e.,
(fmax – fmin) is :
CS  2fd  K f 

Vm


...(x)

and the frequency modulation index (mf) which is defined as the ratio of frequency deviation to modulation
frequency is given by:
mf 

fd d K f  Vm


fm m
m

...(xi)

Thus the equation for the FM wave equation (vii) in terms of m f becomes :
FM  Vc sin  c t  mf sin mt 

or

FM  Vc  sin c t cos(mf sin mt)  cos mt  sin(mf sin mt) 

...(xii)

Modulation Index
In FM, the modulation index is normally used instead of percentage of modulation. It is defined fined as the
ratio of the frequency deviation to the frequency of the modulating signal. It is expressed in decimal and does
not have any unit. For a constant frequency deviation the modulation index drops as the frequency of the
modulating signal increases. It varies during the transmission of FM signal as the modulation frequency
changes. This term is required for the calculation of bandwidth of an FM signal.
mf 

f K f  Vm

fm
m

[From equation (x)]

Here we can say that for a given frequency (f) deviation or for a constant amplitude modulating voltage, varies
inversely to the fm.
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Advantages and Disadvantages of FM
Advantages
i.
Improved signal to noise ratio
ii.
Better immune to noise (Less distortion)
iii. Less interference from adjacent channels
iv. Less radiated power
v.
Greater efficiency
Disadvantages
i.
Suffer more attenuation than AM signal
ii.
Larger band width
iii. More complicated receiver and transmitter
Applications of FM
i.
Radio Broadcasting
ii.
TV Transmission (For Audio)
iii. Mobile Communication (Earlier)
iv. Police, Fire Department etc.
v.
Point to point microwave links used by telecom companies
DIFFERENCE BETWEEN AM AND FM
Table 6.3 gives the main highlights of the difference between AM and FM
Table 6.3 : Difference between AM and FM
S.No.

Parameter

AM

FM

1.

Principle of operation

By changing amplitude
of carrier wave

By changing frequency of
carrier wave

2.

Amplitude

Depends on
modulating index

Constant

3.

Transmitter

Simple

Complex

4.

Transmitted power

Fully utilized

A fraction is utilized

5.

Area of reception

Large

Small

6.

Band width required

Small

Large

7.

Cost

Low

High

8.

Modulating index

Maximum value = 1

No restriction

9.

Prone to noise

More

Less

10.

Broadcast type
(Radio)

Can only transmit
mono for talk only

Can transmit stereo
suitable for music

SOLVED EXAMPLES
Example 6.1. A 1 MHz carrier is amplitude modulated by a 40 KHz modulated signal to a depth of 50%. The
unmodulated carrier is having a power of 1kW. Calculate the power of amplitude modulated signal and side
band frequencies.
Solution : Given, carrier power,
Modulation index, m = 50% = 0.5
Power of AM signal,
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Pc = 1 kW
 m2 
 0.52 
Ptotal  Pcarrier  1 

1

 1  2   1.125 kW
2 




Ans.
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Lower side band frequency,

fLSB  fc  fm  1000  40  960 KHz

Ans.

Upper side band frequency,

fUSB  fc  fm  1000  40  1,040 KHz

Ans.

Example 6.2. A certain transmitter radiates 9 kW with the carrier unmodulated and 10.125 kW, when the
carrier is sinusoidal modulated. Calculate the modulation index. If another sinewave corresponding to 40%
modulation is transmitted simultaneously, determine the total radiated power.
Solution : Given, carrier power,
Pcarrier = 9 kW
Total power of modulated wave,
Ptotal = 10.125 kW
P

m  2  total  1
 Pcarrier


 Modulation index,

 10.125 
 2
 1  0.5  50%
 9


 m2 
 Ptotal  Pcarrier  1 
2 


Ans.

Example 6.3. An AM broadcast radio radiates 10 kW of power if modulation percentage is 60. Calculate how
much of this is the carrier power.
 m2 
Ptotal  Pcarrier  1 

2 


Solution : We know

or

Pcarrier 



Ptotal
10

 m2   (0.6)2 
1  2  1  2 

 

10
 8.47 kW
1.18

Ans.

Example 6.4. The r.m.s. antenna current of a radio transmitter is 10A, when unmodulated and rising to 12 A
when the carrier is sinusoidally modulated. Calculate the modulation index.
Solution : Given, carrier current
Ic = 10 A
Itotal = 12 A

Total modulated current

  I 2 
m   total   1  2
 Icarrier 


We know, modulation index,

 12 2 
    1  2
 10 


= 0.938

Ans.

Example 6.5. Determine the modulation index of an FM carrie having a frequency deviation of 25 KHz and
modulation signal of 5 KHz. Also determine the carrier swing.
Solution : Given, frequency deviation
f = 25 KHz
Frequency of modulation signal,
fm = 5 KHz
Modulated index

mf 

Carrier swing
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f 25

5
fm
5

 2  f  2  25 KHz  50 KHz

Ans.
Ans.
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Example 7.6. An FM transmission has a frequency deviation of 18.75 KHz. Calculate percent modulation if
it is broadcasted (i) in the 88 - 108 MHz band (ii) as a portion of a TV broadcast.
Solution : Given frequency deviation,
f  18.75 KHz
A maximum frequency deviation of 75 KHz is allowed for commercial FM broadcast :
( f )max  75 KHz

i.e.,

% modulation, m 

f
 100
( f )max

18.75
 100  25%
75
A maximum frequency deviation of 25 KHz is allowed for sound portion of the TV broadcast.


( f )max  25 KHz

i.e.



Ans.

18.75
 100
25
= 75%

% modulation, m 

Ans.

SUMMARY
1.

Communication: Means the process of exchanging information. Radio communication can be used for
long range such as from one country to other or from earth to space.

2.

Modulation: In this process some parameter of the carrier wave such as amplitude, frequency or phase
is varied in accordance with the modulating signal.

3.

Demodulation: or detection is the process of recovering the original modulated signal (information) from
the modulated carrier wave.

4.

Modulation index: or modulation depth is described by how much the modulated variable of the carrier
wave signal varies around its unmodulated level. It is defined differently in each modulation scheme i.e.
AM, FM and PM.

5.

Spectrum: A spectrum represents the relative amount of different frequency components in any signal.

6.

Efficiency: efficiency 

7.

Frequency Deviation: The change of shift above or below the mean or centre frequency is called
frequency deviation.

8.

FM Index: The ratio of frequency deviation to modulation frequency is called the FM index.

9.

Bandwidth of AM Wave: The difference between the two extreme frequencies is equal to the bandwidth
of AM wave.

Power in all the side bands
Total transmitted power

B.W.  ( c  m )  ( c  m )

or

B.W.  2m
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IMPORTANT FORMULAE
1.

Size of quarter wave antenna
 3  108

meter
4
4f
where f is frequency in Hz.
l

2.

General equation of sinusoid signal
f(t)  A  sin(t  )

3.

Modulation index for AM
ma 

or
4.

% Modulation 

Vm
 100
Vc

Modulation index for FM :
mf 

5.

Vm
(Amplitude change of carrier wave)
Vc (Amplitude of normal, unmodulated carroer wave)

f
fm

Power of AM signal :
 m2 
Ptotal  Pcarrier  1 

2 


6.

Efficiency :


Power in all the side bands
Total transmitted power

REVIEW QUESTIONS
Q.1.

What is communication system. Explain with block diagram.

Q.2.

Write short note on analog and digital communications.

Q.3.

What do you mean by modulation index.

Q.4.

Derive an expression for the AM index.

Q.5.

What is modulation and why it is necessary.

Q.6.

Compare AM and FM.

Q.7.

Define AM and FM, use sketches to explain these definitions.
employed.

Q.8.

What is frequency modulation? Give the mathematical representation of FM.

Q.9.

W hat is the modulation index of an frequency modulated (FM) carrier having carrier
swing of 200 KHz and a modulating signal of 10 KHz.
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TRANSDUCER
The words ‘sensor’ and ‘transducer’ are both widely used in the description of measurement systems. The
former is popular in the USA whereas the latter has been used in Europe. A ‘sensor’ is a device that detects
a change in physical stimulus and turns it into a signal which can be measured or recorded, a corresponding
definition of ‘transducer’ is a device that transfers power from one system to another in the same or in the
different form. The block diagram of a transducer is shown in Fig. 8.2.
Input Energy
(or Signal)

Transducer

Output Energy
(or Signal)

Fig. 6.9. Block diagram of transducer.

The transducer receives energy from the process variable under measurement and transmits a proportional
electrical energy to the output. This output energy can be further processed through liner operations like
amplification, attenuation, differentiation, integration, addition, subtraction etc. so that it can be acceptable by
the output unit for record or display. The processing of signal is called signal conductioning.
Qualities of a Good Transducer
•
Ruggedness
•
Repeatability
•
Good dynamic response
•
No hysteresis

•
•
•

Linearity
High output signal quality
High reliability and stability

TYPES OF TRANSDUCER
There are various types of transducers depending upon the change in property or the energy they bring about
to measure specified physical quantities. The input given to a transducer can be in the form of the displacement,
strain, velocity, temperature, flow etc. and the output obtained fro, them can be in the form of voltage, current,
change in resistance, inductance and capacitance etc. The output can be measured easily and it is calibrated
against the input, thus enabling the measurement of the value of the input. The widely used transducer in
measuring instruments are of following types.
Thermoelectric Transducers
•
Thermocouple
•
Thermistor
Electromechanical Transducers
•
Strain Gauge
•
Potentiometer
•
Accelerometer
Mechanical Transducer
•
Bimetallic Strib
•
Bourdon Tube

•
•

Resistance Temperature Detector (RTD)
Peltier Cooler

•
•

Load Cell
Galvanometer

•
•

Bellows
Spring

Photoelectric Transducer
•
Laser diodes
•
Light Emitting Diodes (LEDs)
•
Photo diode, photo resistor, photo transistor
Electro Acoustic Transducer
•
Microphone
•
Piezo electric Crystal
Electrochemical Transducer
•
pH Probes
•
Electro-Galvanic Fuel Cell
Electromagnetic Transducers
•
Antenna
•
Hall-Effect Sensor

•
•

Loudspeaker, earphone
Hydrophone

•

Hydrogen Sensors

•
•

Cathode Ray Tube (CRT)
Magnetic Disk Reader/Writer

THERMOCOUPLE
Thermocouple is a transducer for the measurement of high temperature. It is a thermoelectric device, which
works on the principle of seeback effect by converting thermal energy into electrical energy.
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It consists of two wires of dissimilar metals joined together to form two junctions in a close circuit formation.
If the two junctions are at different temperature, an electric current will flow in the circuit. This phenomenon is
known as seebeck effect and was first observed by Thomas Johnn seebeck in 1981. He arranged 35 metals in
order of their thermoelectric properties. The current flows through the hot junction from the former to the latter
metal of the following series :
Bi-Ni-Co-Pd-Pt-U-Cu-Mn-Ti-Hg-PbSn-Cr-Mo-Ph-Ir-Au-Ag-Zn-W-Cd-Fe-As-Sb-Te
If the two metals used are copper (Cu) and Iron (Fe), then the current flows from copper to Iron at the hot
junction (Jh) and from Iron to copper at the cold (reference) junction (J c) which can be detected by galvanometer.
This is explained in Fig 6.10.

Fig. 6.10. Basic Thermocouple Phenomenon.

The amount of current (emf) produced depends on the difference in the temperature between the two
junctions and on the characteristics of the two metals. The instrument that records the variations in current
flow is calibrated in terms of temperature and is known as thermocouple pyrometer. When the junction, J h is
heated it produces voltage greater than the voltage across the cold junction (J c). The difference between two
voltage is measured and the voltmeter reading is converted into its corresponding temperatures. The conversion
table is provided by thermo-couple manufacturer.
The emf produced in thermocouple is given by
T2

emf   (S1  S2 )dt
T1

Where T1 and T2 are the temperature of reference and measuring end respectively and S 1 and S2 are the
Seebeck coefficients of two thermoelements. The temperature-emf characteristics of some of the metals is
shown in Fig. 6.11 where J c is kept at 0oC and Jh is at variable temperature.

Fig. 6.11. Temperature-emf characteristics of some Thermocouples.

Advantages
i.
Inexpensive
ii.
Rugged construction
iii. High temperature range (200 to 2600oC)
iv. Fast response to change in temperature
v.
Good accuracy
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Disadvantages
i.
Vulnerable to corrosion
ii.
Calibration is difficult and tedious
iii. Complexity and prone to error
iv. Produces low volt output (mV)
v.
None linear device
vi. Requires two temperature measurements
RESISTANCE TEMPERATURE DETECTOR (RTD)
Resistance temperature detector (or Resistance Thermometer) is basically a temperature sensitive resistor. It
is a positive temperature coefficient device which means the resistance increases with temperature. The
commonly used metals elements for RTD are platinum, nickel, copper and tungsten. The platinum has a linear
temperature-resistance characteristics and is reproductable over wide range of temperatures. It is available in
pure form and is relatively unaffected by environmental conditions, hence is used for precision thermometry.
Nickel has a high temperature coefficient. The common forms of RTD elements are shown in Fig. 6.12.

Fig. 6.12. Common Forms of RTD Elements.
The materials used for RTD have temperature coefficients of resistivity much higher than the coefficient of
thermal expansion. The temperature coefficient of resistance, , is given by :


where

1 
1 R



T 0 T R0
o
T = change in temperature ( C)
 / 0 = fractional change in resistivity

R / R0 = fractional change in resistance
0 ,R0 = resistivity and resistance respectively (oC)
The resistance RT at any other temperature is given as :
RT  R 0 (1    T)

or
RT  R0 (1  T)
But in case of non-linearly, the equation is modified as :
R T  R0 (1  1T   2T 2  ............  nT n )

Where 1, 2 ,...n are constants applicable for each metal.
Advantages
i.
High Accuracy
ii.
Linearity over wide range of temperature
iii. High temperature operation
iv. Fast response
v.
Better stability at high temperature
vi. Easily replaceable
vii. More suitable for remote indicators
viii. Immune to electrical noise
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Disadvantages
i.
High cost
ii.
Requires no point sensing
iii. Possibility of self heating
iv. Requires external DC power supply
v.
Low sensitivity
vi. Affected by shock and vibration
Applications
i.
Heating ovens/food processing
ii.
Compression mouldings
iii. Plastics processing
iv. Air, gas and liquid temperature measurement
v.
Textile production
STRAIN GAUGE
A strain gauge is a transducer which is used to measure the strain of an object. When an electrical conductor
is stretched, it will become narrower and longer, both increases its electrical resistance end-to-end. Conversely,
when a conductor is compressed (without buckling), it will broaden and shorten both decreases its electrical
resistance end to end. If these stresses are kept within the elastic limit of the metal conductor (So that it does
not deform permanently), the strip can be used as a measuring element for physical force, the amount of
applied force inferred from measuring its resistance.
The most commonly used types of strain gauge are wire-type strain gauge, foil strain gauge and
semiconductor strain gauge.

Fig. 6.13. Some Common Type of Strain Gauges.

Derivation for Gauge Factor
The fundamental formula for the resistance of a wire (conductor) of length, l, diameter d, cross section area A
and resistivity , can be expressed as :
R

l
l
l


2

A
d 
 d2
 
4 4

.... (i)

Let a tensile stress, S be applied to the wire, thereby a positive strain is produced which causes the length
to increase by I and area to decrease by A as shown in Fig. 6.14. This will also reduce the diameter by and
thus resistance changes by R.

Fig. 6.14. Change in dimension of strain gauge wire when subjected to a tensile force.
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The strain changes two important parameters of the wire i.e., R and I. The measurement of sensitivity
of a material to strain is known as gauge factor. It is defined as the ratio of change in resistance R/R to
change in length I/I.
Hence, Gauge factor

(G) 

R / R
l / l

.... (ii)

Since strain is defined as change in length divided by original length i.e   l / l . Hence equation (ii) can
written as :
R / R
...(iii)

Due to strain the length of wire increases by I and simultaneously the diameter decreases by d. Hence
the new value of resistance is given by
[Using equation (i)]
G

(l  l)
  (l  l)


 2
2
 (d  d)
 (d  2d  d  2d2 )
4
4
Neglecting d2 as d is very small. We get
Rs 

 l 
  l  1  
l 

Rs 

 2
 2  2  d 
(d  2d  d)
 d 1
4
4
d 

  (l  l)

We know that Poisson’s ratio,  is defined as the ratio of strain in lateral direction to strain in axial
direction. Thus


or
Substituting the value of

d / d
l / l

d
l
 
d
l
d
in equation (iv), we get
d

 l 
  l 1 
l 

Rs 

 2
l 
 d 1 2    
4
l 


l 

 1  2 l 


l 

 1  2 
l 


l l
l2 

1  2    2  2 

l
l
e
l



2
  2 
2 l




1
4
d
4
l2


 

Neglecting higher power of l , as l in very small.
l
 2
 4 d
 

Rs 





or

l l 

 1  2   
l
l 


l
  2
 4 d
 

l 

 1  (2  1) 
l 


l
l

 2  2
 4d  4d
 
 

 l 
    (1  2 )
 l 

R s  R  R

where
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from Equation (i)
l
and
 2
d
4
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R 



  l  l 

 (1  2 )
   2  l 
 4 d
 

 l 
(1  2 )
R / R  l 
G

l
l / l
l

Gauge factor

or

G = 1+ 2

Advantages
i. No moving Part
ii. Small in six
iii. Inexpensive
Disadvantages
i. They are non-linear
ii. Need to be calibrated
iii. Usually they are placed where it is really hard to install
LOAD CELL
Load cells are elastic devices that can be used for the measurement of force through indirect method i.e.
through use of secondary transducer. Load cells utilize an elastic member as a primary transducer and strain
gauge as secondary transducer. When the combination of the strain gauge-elastic member is used for weighing,
it is called a “load cell”. It converts force into a measurable electrical output. Although there are many
varieties of load calls, strain gauge based load cells are the most commonly used type.
Construction and Working
The strain gauge load cells shown in Fig. 8.15 utilizes four identical strain gauges attached to a steel cylinder.
The gauges Rg1 and Rg4 are along the direction of applied load and the gauges R g2 and Rg3 are attached
circumferentially to gauge Rg1 and Rg4. All the four gauges are connected into the bridge circuitry in such a
manner as to make use of poisson’s ratio.

Fig. 6.15. Load cell Strain Gauge.

When there is no load on the cell, all the four gauges have the same resistance i.e. R g1 = Rg2= Rg3= Rg4.
Hence the terminals B and D are at same potential, the bridge is balanced and the output voltage, V 0= 0.
V
2

i.e.

VAB  VAD 

also

VAB  VAB  V0  0

Now when the load is applied the vertical gauges (R g1, Rg4) undergo compression i.e. negative strain and
thus decrease in resistance. Simultaneously the circumferential gauges (R g2, Rg3) undergo tension i.e. positive
strain which leads to increase in resistance. The two strain are not equal and are related to a factor , the
Poisson’s ratio. In this condition various resistance of the gauges are :
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Rg1  Rg4  R  R

(Compression)

Rg2  Rg3  R  R

(Tension)
VAB 

Potential at terminal B,



VAD 

Potential at terminal D,



Rg1
R  R
V 
V
Rg1  Rg3
(R  R)  (R    R)
R  R
V
2R  R(1  )
Rg2
R    R
V 
V
Rg2  Rg4
(R  R)  (R    R)

R    R
V
2R  R(1   )

The changed output voltage
V0  V0 



R  R
R    R
V 
V
2R  R(1   )
2R  R(1  )

R(1   )
 R V 
 2(1   ) 
 
2R
 R 4

As the output voltage V0 = 0 under unload conditions, hence change in output voltage due to applied load
will be
 R V 
V0  2(1   ) 
 
 R 4

This voltage is a measure of applied load.
The use of four identical strain gauges in each arm of the bridge provides full temperature compensation
and also increases the sensitivity of the bridge 2 (1+) times.
Advantages
i. Inexpensive
ii. Hermetically sealed & maintenance free
iii. Fast response to the load
iv. Small and compact size
Disadvantages
i. Needs protection against angular and non-axial loads.
ii. Overloading should be avoided beyond rated capacity.
Uses
i. Road vehicle or Aircraft weighing devices.
ii. Crane load monitoring
iii. Bridging lifting
iv. Torsion Test
v.
Process Control
BIMETALLIC STRIP
A bimetallic strip is used to confert a temperature change into mechanical displacement. The strip consists of
two strips of different metals of differing co-efficients of thermal expansion, bonded or welded together to form
a single piece. At the bonding temperature the strip is flat and straight but when it is heated to a high
temperature it starts bending or curling towards the side of metal with lower coefficients and when it is cooled
below its normal temperature. The layer with higher coefficients , is called active side and the other with lower
coefficient is called the passive side. Usually the metals used are steel and copper or in some cases brass
instead of copper. In some cases it is used as coil for compactness. Fig. 6.16 shows bimetallic elements.
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Fig. 6.16. Bimetallic Strip.

The strip is fixed at one end and the other end kept open in the environment whose temperature is to be
measured. A rise in temperature by ToC causes the element to bend into an arc of a circle. The angle 
between the original plate axis and the tangent drawn from the tip to the deflection line is given by :


  k T  L  T

or
where

6 E1 E2 t1 t 2 (t1  t 2 )(1   2 )
 L T
4 E1 E2 t1 t 2 (t1  t 2 )2  (E1 t12  E2 t 22 )

radians

E1, E2

= young’s moduli of the materials of layer 1 and 2 respectively.

t1, t2

= Thickness of layer 1 and 2

1, 2

= Coefficients of thermal expansion of the materials of layer 1 and 2 respectively.

L

= Length of original element

T

= Rise in temperature

kT

= Bimetallic element sensitivity in radians per m/oC

The sensitivity will be maximum when the term (E1 t12  E 2 t 22 ) becomes zero, thus
t1
E2

t2
E1

Under this condition KT is given by :
KT 

3 (1   2 )
2
t

The deflection (d) of the tip of the element from its original position is :
d  KT 

For circular strip

L2
 T
2

T  K T  L  T

Advantages
i. No moving part to avoid wear outs.
ii. Saving of expansive metals and alloys.
iii. Portability
iv. Independence from power supply.
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Disadvantages
i. Railway track and roadway construction.
ii. Pipes carrying hot water.
iii. Inaccurate
Applications
i. Thermostats
ii. Mechanical clocks
iii. Heat engines
iv. Circuit breakers (restores when cooled down)
INTRODUCTION OF INTEGRATED CIRCUITS (ICS)
Until 1960 the technology of discrete components were used to design electronic circuits. It uses diodes,
transistors in conjunction with other circuit elements like resistors, inductors, capacitors etc. which are joined
with wires or plated conductors on printed circuit boards (PCBs). These discrete circuits have two main
disadvantages. Firstly in a large circuit (like TV circuit, computer circuit) where there are hundred of components,
the discrete assembly would occupy a large space. Secondly there will be hundred of soldered points which
will cause a poor reliability. To avoid these problems researchers started a drive to miniaturize the circuits.
One type of such circuit is the integrated circuits, generally abbreviated as IC.
The first commercially available IC came in 1961 from Fairchild Semiconductor Corporation. An IC has
various components such as resistor, capacitors, diodes, transistors etc. fabricated on the same small
semiconductor chip. ICs are now a days used in electronic industry, instrumentation, control system,
computer industry, automobile industry and many other applications. This has now fulfilled the demand of
industries for electronic equipment of smaller size, lighter weight, low power requirement and high reliability as
compared with discrete components. The IC possesses the following advantages and disadvantages over
discrete circuits :
Advantages
i. Low cost due to simultaneous production of a large number of components.
ii. Extremely small size due to fabrication of various circuit elements on the same chip of semiconductor
material. Hence also light weight.
iii. High Reliability as components are fabricated sequentially without using soldering.
iv. Low Power Consumption due to smaller size components (capacitance, resistance etc.)
v. High Temperature handling capacity at extreme values.
vi. Easy Replacement as it is more economical to replace them than to repair them.
vii. Increased Operating Speed due to absence of parasitic capacitance effect.
viii. Close matching of components and temperature coefficients because of bull production in batches.
ix. Improved functional performance as more complex circuits can be fabricated for achieving better
characteristics.
x. Suitable for small signal operation because of no change of stray electrical pickup as various components
of an IC are located very close to each other on a silicon water.
Disadvantages
i. If a single component goes bad in an IC, it can bot be removed instead the whole IC is to be replaced.
ii. Limited power dissipation (< 10 watts).
iii. Inductors and transformers can not be integrated into it, instead they are connected exterier to the chip.
iv. High value of capacitance (> 30 pF) not convenient or economical to integrate, hence it is to be connected
as discrete component exterior to IC Chip.
v. High grade p-n-p assembly is not easily possible.
vi. Low temperature coefficient is difficult to be achieved.
vii. Difficult to achieve low noise and high voltage operations.
viii. Large value of saturation resistance of transistors.
ix. Voltage dependence of resistors and capacitors.
x. Parameter modification not possible.
xi. Quite delicate in handling as these cannot withstand rough handling or excessive heat.
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CLASSIFICATION OF IC’S
The integrated circuits may be classified according to a number of ways as shown in Figure 6.17.

Fig. 6.17. Block Diagram of IC Classification.

A.

On the basis of fabrication techniques used, the ICs can be divided into following four classes.

Monolithic ICs
The word ‘monolithic’ is derived from the greek ‘monos’ means single and ‘lithos’ means stone. Thus it is made
into a single stone or single crystal. In monolithic ICs all circuit components both active components (transistor
etc.) and passive components (diodes, resistor, capacitors etc.) and their interconnections are formed into a
single chip of silicon. This technology is useful for manufacturing identical ICs in large quantities and therefore
provides lowest per unit cost and greater reliability. These type of ICs are most commonly used. Figure 6.18
shows the monolithic IC in plastic and can type package.

Fig. 6.18. Monolithic IC Packages.

Commercially available ICs of this types are used as amplifiers, voltage regulators, crowbars, AM receivers,
TV circuits and computer circuits. However these ICs have following limitations.

Low power rating (< 1 watt)

Poorer isolation between components.

Fabrication of inductors not possible.

Passive components of only low values are possible.

Lack of flexity in circuit design i.e. modification is not possible.
Thin and Thick Film ICs
These devices are larger than monolithic ICs but smaller than discrete circuits. These ICs can be used for
comparatively higher power requirement. With a thin-or thick-film IC, the passive components like resistors
and capacitors are integrated, but the transistors and diodes are connected as discrete components to form
complete circuit. Therefore, commercially available thin-and thick-film circuits are combination of integrated
and discrete components. The main difference between these is not their relative thickness but the method of
deposition of film. Both have similar look, characteristic and features. Figure 6.19 shows the enlarged view of
thick film IC.
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Fig. 6.19. Enlarged view of thick film IC.

Hybrid ICs
In Hybrid ICs the circuit is fabricated by interconnecting a number of individual chips. The active elements are
diffused transistors or diodes. The passive components may be group of diffused resistors or capacitors on a
single chip, or they may be thin-film components. Wiring provides interconnection between chips. These ICs
are used for high power audio amplifiers applications from 5W to 50 Watts. The structure of a hybrid (multi chip
ICs) is shown in Figure 6.20.

Fig. 6.20. Structure of Hybrid IC.

Like thin-and thick-film ICs, hybrid ICs usually have better performance than monolithic ICs. However the
process is too expensive for mass production, multi chip techniques are quite economical for small quantity
production and are more offen used as prototype for monolithic ICs.
b. On the basis of application ICs are of two types i.e. linear ICs and digital ICs. When the input/output
relationship of a circuit is linear, linear ICs are used for example operational amplifiers (OP-Amps) which
was originally designed for performing mathematical operations like addition, subtraction, multiplication,
differentiation, integration, inversion etc.
When the circuit is either in on-state or off-state and not in between the two, the circuit is called the digital
circuit. ICs used in such circuits are called digital ICs. They find their wide applications in computers and
logic circuits.
c. Based upon the active devices used the ICs can be further classified as bipolar ICs using bipolar active
devices (BJT) and unipolar ICs using unipolar active devices like (FET).
d. The ICs can also be classified on the basis of their chip size i.e. the number of components contains in it.






Small Scale Integration (SSI) - 1 to 20 components/chip.
Medium Scale Integration (MSI) - 20 to 100 components/chip.
Large Scale Integration (LSI) - 100 to 1000 components/chip.
Very Large Scale Integration (VLSI) - 1000 to 10,000 components/chip.
Super Large Scale Integration (SLSI) - 10,000 to 1,00,000 components/chip.
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SOLVED EXAMPLES
Example 8.1. A resistive wire strain gauge uses a soft iron wire of small diameter. The gauge factor is +4.2.
Neglecting the piezoresistive effects, calculates the Poisson’s ratio.
Solution : Given

G = + 4.2

s / s
l / l
But as piezoresistive effect is zero, hence

We know that

G  1  2 

G = 1 + 2
or

4.2 = 1 + 2
4.2  1 3.2

2
2

or





 = 1.6

Ans.

Example 8.2. A platinum thermometer has a resistance of 100 W at 25 oC.
i. Find its resistance at 65oC, if the platinum has a resistance temp. coefficient of 0.003921oC.
ii. If the thermometer has a resistance of 150 W, calculate the temperature.
Solution : Using linear approximation, the resistances at any temperature oC.is given by
i.

R = R0 (1+ 0)

At 65oC

R65 = 100 [1 + 0.003921 (65-25)]

or

R65 = 115.68 

Ans.

ii. Suppose is the unknown temperature then
150 = 100 [1 + 0.003921 (-25)]
 = 152.55oC

Ans.
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